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Geometrical and Graphical Representations of Lissajous Figures 


EDWARD F. FAHy AND FRANK G. KARIORIS 
Marquetie University, Milwaukee, Wisconsin 


(Received October 15, 1951) 


The fact that a sine curve, wrapped on the surface of a circular cylinder and projected 
orthogonally on a plane, will in certain cases produce Lissajous figures is used to develop a 
simple geometrical model which will demonstrate these curves. It is pointed out that natural 
generalizations of Lissajous figures can be obtained through this model. 

The use of sine-sine graph paper for plotting and analyzing Lissajous figures is also described. 


I. 


HE problem of demonstrating Lissajous 
figures and of conveying an understanding 
and visualization of these curves to the minds 
of students presents difficulties which are en- 
larged greatly by the usual type of apparatus 
used to perform the demonstration. The dy- 
namical type of apparatus commonly employed 
produces curves whose characters change con- 
tinually with time because of the varying ampli- 
tudes of the component vibrations or because of 
the varying phase difference between these vi- 
brations, or both. The difficulty of varying am- 
plitudes can be overcome by using a cathode-ray 
oscilloscope and an audio oscillator. However, 
in general, the problem of varying phase differ- 
ence is still present here unless this apparatus 
is elaborated still further. Furthermore, the use 
of an elaborate instrument like the oscilloscope 
in an elementary class introduces dogmatism 
on the part of the instructor and leaves the 
student with a feeling of dissatisfaction caused 
by his incomplete understanding of the incidental 
elaborate instrument used. 
Therefore, it is of interest to consider a geo- 


metrical model for demonstrating Lissajous fig- 
ures. This has the advantage of being static so 
that any figure which it produces can be viewed 
for any desired length of time. In addition to this, 
a geometrical model is accompanied by no 
elaborate incidental apparatus. This fact makes 
a detailed study of the model (on the part of the 
student) possible and proper, and promotes a 
better understanding of the curves under con- 
sideration. 

It is in this spirit that the following paper is 
presented. 


Il. THE GEOMETRICAL MODEL 


If the motion of a point is such that it can be 
resolved into two simple harmonic motions at 
right angles to one another, and if the ratio of 
the periods of these simple harmonic motions is 
a rational number, then this point will trace a 
closed curve which is commonly called a Lissa- 
jous figure. Consider in this light a sine curve 
drawn on a thin transparent plane sheet which 
is afterwards wrapped on the surface of a trans- 
parent circular cylinder so that the resulting 
curve repeats itself. (This repetition can occur 
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Fic. 1. A slant cut of a circular wooden cylinder on 
which a sheet of thin transparent plastic had been wrapped. 
When unwrapped, the edge of the sheet is in the form of a 
sine curve as shown. 


only when the ratio of the circumference of the 
cylinder to the wavelength of the sine curve is a 
rational number.) Consider further a point mov- 
ing on this curve so that its azimuthal angular 
velocity around the cylinder is constant. When 
viewed from far away so that the line of sight is 
perpendicular to the axis of the cylinder, the 
point in question will appear to execute, simul- 
taneously, simple harmonic motions perpendicu- 
lar to and parallel to this axis. Thus the sine 
curve, wrapped on the cylinder and viewed as 
described previously, will look like a Lissajous 
figure. The ratio of the component periods 
equals the ratio of the wavelength of the sine 
curve to the circumference of the cylinder, and 
the phase relationship between these component 
“vibrations” can be adjusted by rotating the 
cylinder about its axis.! 

A model for showing Lissajous figures accord- 
ing to the foregoing ideas was constructed as 
follows: A transparent plastic sheet (0.01 in. 
thick) was wrapped tightly several times around 
a wooden cylinder (2.5-in. diameter). This ob- 
ject was then cut at roughly 30° to the axis as 
shown in Fig. 1. The sheet was then unwrapped 
and its edge, which was now in the form of a 
sine curve, was colored so as to make it clearly 
visible. The sheet was then rolled into cylindrical 
shapes of various diameters and the Lissajous 
figures observed as described above.? Columns A 

1The idea that Lissajous figures may be regarded as 
orthogonal projections of curves on a cylinder is due to 


Lissajous himself and is referred to in Rayleigh, The 
yg of Sound (Dover Publications, New York, 1945), 
2 


"2 The rigidity of this plastic sheet made it possible to 
form cylinders of various diameters without additional 
support. 





EDWARD F. FAHY AND FRANK G. KARIORIS 


and B of Fig. 2 show Lissajous figures obtained 
by photographing this model. 

Lissajous figures may be demonstrated to a 
large class by using either a pair of lenses or a 
distant point source of light to project this 
model on a screen. 


Ill. GENERALIZED LISSAJOUS FIGURES 


The ordinary Lissajous figure is seen when the 
foregoing model is viewed in a special way. 
Therefore, these curves form a subfamily of the 
family of curves obtained by viewing the model 
in all possible ways. The members of this larger 
family of curves might be regarded as natural 
generalizations of Lissajous figures. Some curves 
which are not Lissajous figures in the ordinary 
sense and which belong to the family of ‘gen- 
eralized’”’ Lissajous figures may be seen in 
Column C of Fig. 2. 
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Fic. 2. Retouched photographs of the geometrical model 
designed to demonstrate Lissajous figures. Figures in the 
same row have the indicated ratio of periods secured by 
adjusting the diameter of the model. Column A shows 
nondegenerate Lissajous figures. Column B shows de- 
generate cases which occur when a special phase relation- 
ship exists between the component “vibrations” (the phase 
can be adjusted by rotating the model about its axis). 
Column C shows some “generalized” Lissajous figures ob- 
tained by putting the photographing camera nearby and 
so that the line of sight was not perpendicular to the axis 
of the model. 
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IV. SINE-SINE GRAPHS OF LISSAJOUS FIGURES 


Lissajous figures with equal amplitudes® in 
the principal directions and with any given period 
ratio or phase difference between the components 
can be conveniently plotted on sine-sine co- 
ordinate paper constructed as shown in Fig. 3. 

As an example of this procedure, consider the 
plotting of x=sin@é, y=sin2(@+10°) shown in 
Fig. 4. At 2=0, x=0 and y=sin20°. This point 
is at (0, 20) and serves as a starting point for 
plotting the curve. Furthermore, in this example, 
unit change of the parameter @ produces one 
unit change in the horizontal direction and two 
units change in the vertical direction. Hence, a 
second point can be plotted by counting one 
“space” to the right and two “spaces” up from 
the starting point. The process of counting one 
space horizontally and two spaces vertically can 
be continued to give the points 3, 4, ---, until 





Fic. 3. Construction detail for equal amplitude 
sine-sine coordinate grid. 


3 Coordinate paper for representing any given amplitude 
ratio can be prepared by drawing two concentric circles 
whose radii have the required ratio and following a con- 
struction similar to that shown in Fig. 3. 
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Fic. 4. Graph of the Lissajous figure x =sin@, 
y=sin2(@+10°) on sine-sine graph paper. 


the curve begins to retrace itself. Care must be 
exercised in covering displacements near the 
extremities of the curve; for example, point 5 is 
obtained by counting ‘‘one right’? and “up, 
down” from point 4. 

In general, curves of the form x=sinmé, 
y =sinn(@+<a) can be plotted on sine-sine paper 
by moving m spaces horizontally and n spaces 
vertically from a starting point determined by 
putting 0=0. 

A transparent sine-sine coordinate grid for 
analyzing Lissajous patterns on the face of a 
cathode ray oscilloscope can be prepared photo- 
graphically. The controls of the oscilloscope 
make it possible to fill this grid with the pattern 
under analysis. The period ratio can be deter- 
mined in the usual manner by counting maxima, 
while the phase difference between the compo- 
nents can be determined from the intercepts on 
the axes. 





Generally, when some new instrument in the equipment of civilization excites wonder, it is the 
mystery of the instrument itself, rather than the broad sweep of the basic principles of science, upon 
which amazement dwells: it is with the electricab gadgeteer, for example, more often than with 
Maxwell or Hertz, that the marvel of radio-communication is commonly associated.—NORMAN 


FEATHER, Lord Rutherford 1940. 





Particle Tracks in Nuclear Emulsions 
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After a brief survey of the properties of nuclear emulsions, the production of tracks in them 
by ionizing particles is discussed. The various techniques in use for determining the charge, 
mass, and energy of the particles are reviewed, with the interpretation of grain density, track 
range, delta-rays, and multiple scattering measurements described. Lastly, consideration is 
given to auxiliary methods for neutron detection and the magnetic deflection of particles be- 


tween emulsions. 


HEN an ionizing particle traverses a photo- 
graphic emulsion, it will render develop- 

able a number of the silver halide grains in its 
path. This effect was discovered by Reinganum! in 
1911, the same year in which C. T. R. Wilson suc- 
ceeded in producing particle tracks in his cloud 
chamber. While the cloud chamber has been stead- 
ily employed in physical research since that time, 
the photographic method of recording the paths of 
ionizing particles has found extensive application 
only recently. The utility of techniques based 
upon its use has been greatly increased with the 
advent of special emulsions (designated nuclear 
emulsions) and with the development of means 
for the evaluation of the tracks produced in 
them in terms of the mass, charge, and energy 
of the incident particles. It is the purpose of this 
review to consider the various aspects of nuclear 
emulsions, track formation in them, and auxili- 
ary techniques in common use from the point 
of view of track evaluation, with discussion of 
the theoretical bases of the methods in use at 
TaBLe I. The composition of Ilford emulsions in grams 
of each element per cubic centimeter. In G5 emulsions the 


bromine and iodine contents are 1.36 and 0.024, respec- 
tively, the other figures being the same. 


Boron- 
loaded 


1.77 
1.28 
0.047 
0.26 
0.053 
0.32 
0.010 
0.064 
0.025 
0.023 


Lithium- 
loaded 


1.84 
1.59 
0.053 
0.27 
0.047 
0.29 
0.038 
0.083 
0.016 


Unloaded 


1.85 
1.34 
0.052 
0.27 
0.056 
0.27 
0.010 
0.067 


Element 


Silver 
Bromine 
Iodine 
Carbon 
Hydrogen 
Oxygen 
Sulfur 
Nitrogen 
Lithium 
Sodium 
Boron 


1M. Reinganum, Physik. Z. 12, 1076 (1911). 
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this time. No mention is made of processing and 
scanning techniques, these varying considerably 
not only with the type of emulsion and the 
specific application being considered but also 
with the particular laboratory involved. The 
recent paper of Dainton, Gattiker, and Lock? is 
an excellent source of information on the process- 
ing of thick emulsions, and the various manu- 
facturers’ literature may be consulted on the 
processing of thin emulsions. 


PROPERTIES OF NUCLEAR EMULSIONS 


A nuclear emulsion, like an ordinary photo- 
graphic emulsion, consists essentially of a large 
number of silver halide grains distributed more 
or less uniformly in a gelatin medium. Silver 
bromide grains are usually employed because of 
their sensitivity and may make up as much as 
83 percent of the total weight of the emulsion. 
The compositions of Ilford and Eastman Kodak 
emulsions are given in Table I; the exact mois- 
ture content varies with atmospheric conditions, 
with approximate values given in Table II. 
Small amounts of certain other substances, 
mainly dyes, may be included to increase the 
sensitivity of the emulsion, and certain elements, 
such as lithium and boron, may be incorporated 
for special purposes. 

The sensitivity of the silver bromide grains 
in an emulsion of given composition normally de- 
pends upon their individual size, reaching a 
maximum for grain diameters of 0.4 micron in 
the emulsions in present use. Where recording 
the heavier particles (m>m(a)) is of interest, 
the background resulting from tracks formed by 


2 Dainton, Gattiker, and Lock, Phil. Mag. 42, 396 (1951). 
3A. Jdanoff, J. phys. et radium 6, 223 (1935). 
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lighter particles may be eliminated by using 
smaller grain sizes, down to 0.1 micron in the 
case of emulsions designed to respond only to 
densely ionizing fission fragments. A mixture of 
intermediate grain sizes will facilitate distin- 
guishing between tracks resulting from particles 
of different masses. The advantage of a high 
silver bromide concentration can be seen from a 
consideration of the maximum grain density 
possible in the tracks produced in an emulsion. 
Assuming that the tracks are linear and that 
every grain traversed is rendered developable, 
the maximum number of grains ” per cm that 
can be present in a track will be*® 


n=3C/2dp, (1) 


where C is the silver bromide concentration, d 
the mean grain diameter, and p the density of 
silver bromide. The greater the value of » the 
greater the chance of recording accurately the 
entire range of a particle, since the uncertainty 
in a range measurement is a function of the 
minimum grain spacing (equal to 1/n). Some 
doubt has been cast upon this point by Dodd 
and Waller, who find that diluting emulsions 
with gelatin does not reduce the value of ” while 
nevertheless decreasing the fog background. 

The greater the emulsion thickness, all other 
factors being equal, the more useful it is, since 
the increased depth permits the recording of a 
larger segment of the trajectory of a particle 
incident at an angle to the plane of the emulsion. 
The original length of any track (before process- 
ing of the emulsion) will be given by 


R=[¥?+(SZ)?}}, (2) 


where Y and Z are its horizontal and vertical 
components as measured after development of 
the emulsion, and S is a quantity known as the 
shrinkage factor which must be introduced to 
correct for the shrinkage of the emulsion during 
processing due primarily to the removal of un- 
exposed silver halide. The value of S is given by 


S=1+V,/V,, (3) 


with V, the volume of soluble material removed 
and V, the volume of gelatin, and is about two 


4E. C. Dodd and C. Waller, Fundamental Mechanisms 


of Photographic Sensitivity (Butterworth’s Scientific Publi- 
cations, London, 1951). 
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TABLE II. The moisture contents and densities of unloaded 
Ilford emulsions under various relative humidities. 


Percent moisture Density 

Emulsion condition content (g/cm) 
Dried at 110°C 0 4.18 
0 Rel. hum. 1.41 3.94 
32% Rel. hum. 2.06 3.88 
_____ 58% Rel. hum. 2.95 3.82 
SF 84% Rel. hum. 5.17 3.69 


for dry emulsions of high silver bromide content. 
The shrinkage factor S increases with the rela- 
tive humidity, since gelatin is hygroscopic and 
swells when it absorbs moisture. 


THE LATENT IMAGE 


In moving through a nuclear emulsion, a 
charged particle loses energy mainly through 
interaction with the electrons of the material in 
its path. Electrons from the bromine ions in 
some cases receive sufficient energy to occupy 
energy states in the conductance band of the 
silver bromide crystal. According to the Gurney- 
Mott theory of the photolytic process,’ these 
electrons will migrate to positions characterized 
by localized energy levels caused by the presence 
of “‘sensitivity specks’’ (distortions in the crystal 
structure) where the electrons will tend to be 
trapped through a slight loss in energy. The 
specks, now negatively charged, attract wander- 
ing interstitial silver ions which move through 
the crystal to the specks and neutralize them by 
combining with the electrons to form metallic 
silver. The clumps of silver thus produced, if 
properly located and large enough in size, then 
act as nuclei for the development process during 
which sufficient additional silver is deposited to 
make the specks visible. 

It is evident from the foregoing that the prob- 
ability for a grain to become developable in an 
element of path length dX is a function of the 
rate of energy loss of the incident particle in the 
emulsion. The value P_of this_probability has 
been given as® 


P=dN/dX =c[1—exp(—b[dE/dX]}')], (4) 
where WN is the total number of grains rendered 
developable and ¢ and 6 are constants chosen to 


®'R. W. Gurney and N. F. Mott, Proc. Roy. Soc. (Lon- 
don) 164A, 151 (1938). 


5M. Blau, Phys. Rev. 75, 279 (1949). 
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make the expression fit experimental values of 
dN/dX. For particles of charge z greater than 
one, 6 must be replaced by 2b. 

The minimum number of ion pairs that must 
be produced in a grain in order to render it de- 
velopable may be found if the rate of energy loss 
of a particle to which the emulsion is barely 
sensitive (and hence is recorded with minimum 
grain density) is known. This number may be 
obtained from relation’ 
ion pairs/AgBr grain 

— sd(dE/dX) (Esir/Eagsr), (5) 


where s is the stopping power of silver bromide 
relative to air, d the grain diameter in microns, 
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PARTICLE ENERGY (MEV) 


Fic. 1. Specific rates of energy loss for particles in an 
emulsion of stopping power 2000 times that of air. 


dE/dX the energy loss of the particle in air ex- 
pressed in ion pairs per micron, E,i, the energy 
required to produce an ion pair in air, and Eagpr 
the corresponding energy in silver bromide. For 
an emulsion of comparatively low sensitivity in 
which the path of a 100-Mev deuteron is at the 
threshold of discernability, the minimum number 
of ion pairs needed is 153 per grain. Since all 
grains are not of the same sensitivity, this figure 
is of necessity approximate. When photographic 
emulsion is exposed to light quanta, on the other 
hand, only 40 ion pairs, on the average, are re- 
quired per grain to produce developability.* Part 


7 J. H. Webb, Phys. Rev. 74, 511 (1948). 
8 J. H. Webb, J. Opt. Soc. Am. 38, 312 (1948). 
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of the inefficiency of latent-image formation in 
nuclear emulsions is because of the great rapidity 
with which a particle traverses a bromide grain 
(~10-" sec). Since the migration of silver ions 
through the crystal is considerably slower than 
that of the electrons, the sensitivity specks will 
acquire negative charges faster than they can be 
neutralized and further electrons will be repelled 
until a sufficient number of silver ions have 
reached the specks. By that time, however, fewer 
additional electrons are available and the re- 
pelled electrons have combined with silver ions 
in the interior of the crystal where they are not 
available for development. The inability of many 
nuclear emulsions to utilize the entire number of 
liberated electrons to form a latent image neces- 
sitates the comparatively large number of ion 
pairs per grain needed in image production. 
However, in very highly sensitive emulsions 
particles may be comparable to light in effi- 
ciency.® 

When a period of time is permitted to elapse 
between the exposure of a nuclear emulsion to 
radiation and its subsequent development, the 
density of the resulting image is, in general, less 
than that produced by an equivalent exposure 
immediately preceding development.!° The mag- 
nitude of this fading is dependent upon the com- 
position of the emulsion, the duration and condi- 
tions of storage in the interval between exposure 
and development, and the type, energy, and flux 
of the incident radiation. A decrease of approxi- 
mately 90 percent in track fading has been ob- 
served"! when the irradiated emulsion was stored 
in a vacuum prior to development, indicating 
that at least that proportion of the fading phe- 
nomena is chemical in nature, with some con- 
stituent of the atmosphere (most likely oxygen 
or water vapor, or both) the agent involved. 
This is confirmed by the result of Albony and 
Faraggi,’? who have found that the fading rate 
is (a) at constant humidity, an exponential func- 
tion of the temperature, (b) at constant tem- 
perature, an exponential function of the quan- 
tity of moisture retained by the gelatin, (c) much 
greater in oxygen than in air, practically dis- 

9K. Berriman, Phot. J. 89B, 121 (1949). 

10H, Yagoda and N. Kaplan, Phys. Rev. 71, 910 (1947). 


1K. B. Mather, Phys. Rev. 76, 486 (1949). 


12 G. Albony and H. Faraggi, J. phys. et radium 10, 105 
(1949). 
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appearing in an atmosphere of a dry, inert gas, 
(d) less in emulsions of high pH, and (e) more 
rapid in emulsions of small grain size. 


SPACE RATE OF ENERGY LOSS IN THE EMULSION 


As mentioned above, the grain density of the 
track left by a particle traversing a nuclear 
emulsion, measured in developed silver grains 
per unit path length, depends both upon the 
number of excited electrons in the halide ions 
produced by the particle and upon the sensitivity 
of the emulsion. If the latter is considered con- 
stant in the volume of emulsion containing the 
track, the grain density is a function of the 
energy loss of the particle, since this loss is 
principally because of the excitation of electrons 
of the stopping atoms through elastic collisions. 
In general, the average energy loss by collision 
per unit distance is given by® 


dE/dX = —[4Ametz2?N/mv? ]{Z[In(2mv?/I) 
—In(i—6?)—6?]—Cx}, (6) 


where e is the charge on the electron, ze the 
charge of the particle and v its velocity, N the 
number of atoms per cm? of the emulsion, Z and 
I their average atomic number and ionization 
potential, respectively, m the mass of the elec- 
tron, 8B=v/c, and C; a term required only in the 
event of v being comparable with the velocity 
of the K electrons of the stopping atoms but 
large with respect to that of the other orbital 
electrons. For particles having velocities less than 
510° cm sec" the relativistic correction factors 
involving 8 become negligible and may be 
omitted. 

Curves of the energy loss per cm of emulsion 
for various particles over a wide range of energy 
values are given in Fig. 1. It is evident that all 
singly charged particles that are sufficiently 
energetic will have approximately the same rates 
of energy loss, with only slight variation for 
higher energies. The minimum grain densities 
recorded in a nuclear emulsion of sufficient sensi- 
tivity will correspond to this minimum rate of 
energy loss. For other emulsions the minimum 
densities will depend upon the emulsion sensi- 
tivity. Since the minimum rate of energy loss for 
alpha-particles is four times that of singly 


18 M. S. Livingston and H. A. Bethe, Revs. Modern Phys. 
9, 263 (1937). ; 
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charged particles, any tracks exhibiting less than 
four times the minimum must be the result of 
singly charged particles. Tracks with grain 
densities above four times minimum may of 
course be the result of either. The direction of 
motion of the particle through the emulsion may 
be determined by comparing the average grain 
densities of two segments of its trajectory, since 
the grain density is approximately inversely pro- 
portional to v? and will increase in the direction 
in which the particle travels. This is obvious from 
Fig. 2 which gives the grain densities of alpha- 





GRAIN DENSITY ( GRAINS/iog microns) 


%o 02 04 06 08 10 12 14 
RESIDUAL RANGE (mm) 


Fic. 2. Grain densities of alpha-particle and deuteron 
tracks as functions of their residual ranges (distances to 
the ends of the tracks). 


particle and deuteron tracks as functions of their 
residual ranges in the emulsion. 

To convert the experimentally verified curves 
of the space rate of energy loss in air to that in 
the emulsion requires a knowledge of the rela- 


tive stopping powers of each. From Eq. (6), the 
quantity 


B=Z |n(2mv*/I), (7) 


the “stopping number,” i.e., the ratio of the 
mean range in air to that in the emulsion, is pro- 
portional to the stopping power of an atom and 
may be used to relate dE/dX for different atoms. 
Where By is the stopping number of air, the 
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Fic. 3. Tracks of relativistic particles of charges z= 1 to z=26 in Eastman Kodak NTB3 and NTA emulsions 

(courtesy M. F. Kaplon, University of Rochester). 
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IN 


equation 
Sg= B/Bo (8) 


gives the stopping power s, of an atom relative 
to air. This may be determined for a nuclear 
emulsion by adding the stopping powers of its 
component atoms, weighted according to their 
fractional weight in the emulsion and inversely 
as their atomic weight. This assumes a homo- 
geneous distribution of the component atoms, 
which is justified for the silver halide and gelatin 
separately. However, the halide grains them- 
selves may not be uniformly distributed, which 
would lead to pockets of higher or lower than 
average grain concentrations. Irregularities of 
this nature can affect the stopping power of the 
emulsion and vary the grain density of the tracks 
to such an extent that quantitative evaluation 
of short track segment from grain density may 
in some cases be completely unreliable. For 
sufficiently long tracks, however, where the 
irregular regions make up only a small portion 
of the total track length, this departure from 
homogeneity is unimportant. 


DELTA-RAYS 


Incident particles of z>2 will produce tracks 
with virtually no grain structure, appearing as 
solid filaments of silver (Fig. 3). Such heavy ions 
are to be found as products of nuclear disruptions 
and as a component of the primary cosmic radia- 
tion. In these cases the rate of energy loss is so 
great as to communicate sufficient energy to 
electrons from the emulsion atoms to give them 
observable ranges. The number z of such electron 
tracks (6-rays) will be proportional to dE/dx and 
provides a means of estimating the charges of 
these particles.‘ This number 1 is given by a 
modification of Mott’s formula’ as 


n= (2rets?N/mv*)(me?/W,:—me?/W:2), (9) 


where the electron energies extend from W, to 
W,. The upper energy limit will depend upon 
the sensitivity of the emulsion and the lower one 
upon the critierion employed to distinguish 
short 6-ray tracks from random background 
grains. For any set of W values in emulsions of 
identical sensitivity the number of 6-rays will 


44H. L. Bradt and B. Peters, Phys. Rev. 74, 1828 (1948). 
15 N. F. Mott, Proc. Roy. Soc. (London) 124, 425 (1929). 
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Range in Emulsion (Microns) 


Energy ( Mev) 


Fic. 5. Range-energy curves for various particles in 
Eastman Kodak emulsions. 


vary with 2?/v?, and comparison with alpha- 
particle tracks of known energy and, hence, 
velocity in the same emulsion will give a value 
for z of the unknown particle. 


“THIN DOWN” LENGTH 


Another method of estimating z for multiply- 
charged particles can be used if their tracks end 
in the emulsion.’® Such tracks increase in di- 
ameter until a point near the end of their tra- 
jectories, where they become thinner and eventu- 
ally disappear (Fig. 4). This occurs because the 
particle captures electrons when its energy be- 
comes sufficiently small, reducing its charge, 
and hence, its rate of energy loss. The length of 
the ‘‘thinned down”’ portion of the track may be 
used to calculate the approximate value of z by 
assuming that electron capture occurs when the 
velocity of the particle is equal to that of the 
electrons in the various electronic shells of the 
stopping atoms. Where z is the effective charge 
at the energy E and Z is the total nuclear charge, 
the “thin down” length L is given by nu- 
merically integrating 


Zz 
L= f (dE/dz)dz/(dE/dx). 


(10) 


The quantity dE/dz is obtainable from the rela- 
tionship between energy and charge determined 
on the basis of electron-shell velocities, and 
dE/dx for a nucleus of effective charge z is equal 


16 Freier, Lofgren, Ney, and Oppenheimer, Phys. Rev. 
74, 1818 (1948). 


to the product of 2? and dE/dx for a proton of 
the same velocity. 


RANGE-ENERGY RELATIONSHIP 


The relationship between the initial energy Ey 
of an incident particle and its range R in the 
emulsion may be determined from the integral 


Eo 
R=| dE/(dE/dx). 


0 


(11) 


For a given emulsion, using the value of dE/dx 
from Eq. (6), 


R=Mf()/2, (12) 


where M is the mass and 2 the initial velocity 
of the particle on entering the emulsion. This 
equation is valid for particles of moderate and 
high energies (>~3 Mev), but breaks down for 


‘less energetic particles. This is because of the 


presence in the emulsion of heavy atoms (such 
as bromide and silver) whose electron shells 
cannot be excited by low energy particles, which 
will consequently have greater ranges than those 
predicted by Eq. (12). Although it cannot be 
used directly to give energy values from range 
measurements, Eq. (12) enables several useful 
conclusions to be drawn. 

If the energy loss-energy or range-energy rela- 
tionships are known for a particle of mass M, 
and charge 2., Eqs. (6) or (12) enable their use 
for another particle of different mass M, and 
charge 2. Comparing the two particles at iden- 
tical velocities, 


(dE/dX)= (2/22)?(dE/dX)a, (13) 


and 


Ry= (22/26)?(Mo/Ma)Ra. (14) 


In terms of particle energies, again the same for 
the different particles, 


(dE/dX)o= (20/%a)?(E (masmey) (dE /dX)a, 


and 


(15) 


Rs = (20/2)?(E (atasmey)(Mo/Ma)Ra (16) 


In Fig. 5 the logarithms of the ranges of the 
various particles in a nuclear emulsion are plotted 
against the logarithms of the energies corre- 
sponding to those ranges. It is evident that the 
range-energy relationship for any particle with 
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the exception of the electron can be expressed as!” 
E=KR;, (17) 


where K is a constant depending on the particle 
involved, and a is approximately the same for 
all particles. Taking the proton as standard, 
Eq. (17) can be extended to any particle of 
mass M and charge z by the use of Eq. (14), 
giving 
E=K,(M/M,)'*2"R’, (18) 
where M, is the proton mass and K, has a value 
determined from proton data. 
The residual range (distance to the terminal 
end of the track from the point of entry) of an 
incident particle is related to the total number 


of grains N in that range by an equation similar 
to Eq. (18) above,!® 


N=K"(M/M,)'-*2?*R, (19) 


At points of equal grain density in the tracks 
of different particles, the distances R from these 
points to the end of the tracks are proportional 
to the number of grains N in each distance R 
and to the masses of the incident particles. 
Hence, the relative masses of two particles of 
the same charge may be determined from their 
tracks at points of equal grain density from 


M./My=R./Rs=No/ No. (20) 


Inaccuracies in the use of this method can 
arise if the tracks are of different ages and if 
fading has occurred. In addition, the sensitivity 
of the emulsion may vary from plate to plate 
and for different regions of the same plate. Mass 
determinations of good accuracy by this pro- 
cedure are only possible from tracks originating 
from the same event (or formed at the same time) 
which end in the same region of the emulsion. 

Blau® has derived the relationship between 
N, R, and dE/dR for a particle from a considera- 
tion of the probability for a given grain to be- 
come developable (Eq. (4)). Since 


dN/dX =a(N/R), (21) 
N=(R/a)(dN/dX), 
and from Eq. (4) 
N=Re/a(1 —exp[ —2b(dE/dX)*]). (22) 


17 Lattes, Occhialini, and Powell, Proc. Phys. Soc. 
(London) 61, Part 2, 173 (1948). 


18 Lattes, Occhialini, and Powell, Nature 160, 486-(1947). 
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The values of the constants a, b, and c must be 
determined experimentally. 


MULTIPLE SCATTERING 


A charged particle traversing matter will 
undergo frequent small deflections because of the 
Coulomb fields of atomic nuclei in its path. This 
multiple scattering effect is a statistical phe- 
nomenon and is to be distinguished from the 
relatively infrequent major changes in direction 
of a particle caused by collisions with nuclei. 
The amount of scattering in a nuclear emulsion 
will depend upon the charge, mass, and velocity 
of the incident particle and upon the density of 
atomic nuclei in the emulsion and their average 
atomic number. According to Williams’® the pro- 
jections a of the total deflection angle @ between 
successive track segments of a given length on a 
plane will have a Gaussian distribution whose 
average value will be given by 


&= (Kz/myv*) C(1 — B’)log(A@max/@Omin) 3, (23) 


where mp is the rest mass of the particle and K 
a constant dependent upon the composition of 
the emulsion and upon the chosen length of the 
segments. An expression for 6 can be obtained, 
but one for & is preferable since it is a that is 
actually seen when the plates are examined. 

In most cases fluctuations in the value of the 
logarithmic term may be neglected, and since 6? 
will also be negligible for track-producing par- 
ticles that exhibit scattering, 

a=K'z/mv. (24) 
The amount of scattering will be inversely pro- 
portional to the mass and energy of the incident 
particle and will increase toward the'end of the 
range because of the decrease in velocity. Equa- 
tion (24) enables the determination of the rela- 
tive masses of identically charged particles whose 
tracks are of equal grain density, and, hence, 
equal velocity at points in each by a comparison 
of & at those points. While less precise than mass- 
ratio measurements based upon grain counts, 
this procedure has the advantage that the track 
need not end in the emulsion for a determination 
to be made. 


19E. J. Williams, Proc. Roy. Soc. (London) 169A, 531 
(1939); Phys. Rev. 58, 292 (1940). 
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An absolute determination of particle mass 
can be made by finding the mass which, when 
substituted into Eq. (24), will result in a value 
of & equal to the measured value. The utility of 
this method is limited, however, by an inherent 
experimental inaccuracy because of factors such 
as distortion of the emulsion during processing, 
since under such circumstances any scattering 
should be because of effects other than those 
considered in the derivation of Eq. (23). This 
uncertainty must be applied to any mass deter- 
minations made in this way in addition to the 
probable errors of the individual measurements. 
However, improved processing techniques may 
be expected to reduce this source of error. For 
relative mass determinations, of course, distor- 
tion effects will ordinarily be canceled out. 


NEUTRON DETECTION 


Neutrons, being uncharged, cannot be directly 
recorded in a photographic emulsion. They may, 
however, be detected by means of their effects 
on the matter they traverse while in the emulsion. 
This may be done either by observing the proton 
recoil tracks that they produce or by impregna- 
tion of the emulsion with a substance that is 
acted upon by neutrons to produce characteristic 
phenomena. 

To detect slow neutrons the following reac- 
tions may be employed by loading the emulsion 
with a compound of the appropriate substance: 


3Li®+ on'—,He!+ 1H?, (25) 
5B!°+ 9n!—,3Li7+ He’. (26) 


The Li® reaction produces distinctive tracks 
about 40 microns long (depending on the emul- 
sion) due to the alpha-particle and triton prod- 
ucts being ejected in opposite directions. The 
tracks will increase in grain density in both 
directions from a point about 6 microns from one 
end.”° The alpha-particle tracks from the B" re- 
action are less conspicuous, being about 7 mi- 
crons long, corresponding to an energy of 1.6 
Mev. The lithium nucleus recoils with an energy 
of 0.9 Mev, but has a very short range. However, 
the cross section for the latter reaction is more 
than three times that of the Li® reaction, making 
"20 W. E. Burcham and M. Goldhaber, Proc. Cambridge 


Phil. Soc. 32, 632 (1936); P. Demers, Can. J. Research 
25A, 223 (1947). 
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it more useful for low neutron intensities. It 
must be kept in mind that commercial boron 
contains only about 20 percent B®, the remainder 
being B' which does not react with neutrons, 
although “enriched” boron, containing up to 
about 96 percent B!° may be obtained. Similarly, 
ordinary lithium is about 7 percent Li®, although 
higher concentrations are possible after enrich- 
ment. Lithium borate impregnation may be 
used to combine the effects of both.*! Occasion- 
ally, short proton tracks from the ;N(m, p)sC™ 
reaction will be found,” but this means of slow 
neutron detection is limited both by the small 
cross section of the process and by the low nitro- 
gen content of the emulsion. The emulsion can, 
however, be loaded with a nitrogen-rich com- 
pound, such as sodium azide (NaN;3). 

Fast neutrons can be identified by the knock- 
on protons they produce in the emulsion by 
collision with the hydrogen atoms present (about 
40 percent of the number of emulsion atoms 
present). Heavier nuclei are also affected by 
neutron collisions, but the energy transferred is 
not sufficient to produce a perceptible track with 
a nucleus more massive than a proton. Fast 
neutrons can react with B’® as follows, 


sB'°+ on!—:He!+.He!+ 1H’. (27) 


The alpha-particles and the triton emitted will 
form a three-branched star in the emulsion, the 
total energies of the particles being in close agree- 
ment with that of the incident neutron. Using 
sufficiently thick emulsions, neutron energies up 
to about 100 Mev can be evaluated in this way. 
Uranium-loaded plates can also be used for the 
detection of neutrons,” with the number of 
fission tracks produced indicating the frequency 
of neutron capture. 


MAGNETIC DEFLECTION 


The momentum of an ionizing particle travers- 
ing a cloud chamber can be determined from the 
curvature of its path induced by a strong mag- 
netic field. This method cannot be applied di- 
rectly to nuclear emulsions because of the short 


21H. Yagoda, Radioactive Measurements with Nuclear 
Emulsions (John Wiley and Sons, Inc., New York, 1949), 
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"2 P. Ciier, J. phys. et radium 8, 83 (1947). 
23K. Lark-Horovitz and W. A. Miller, Phys. Rev. 59, 
941 (1941). 
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range of particles in the plates, necessitating a 
field of about 10° gauss to produce a measurable 
deflection in the average track. For cosmic-ray 
work this field would have to be maintained for 
a considerable length of time and be capable of 
transport aloft in airplanes or balloons, which 
obviously would be impractical. However, if two 
emulsions are placed parallel to each other and 
separated by an air gap, a much smaller field 
will permit the determination of the change in 
direction of an incident particle traversing both 
emulsions and the intervening air gap.”! 

The action of the magnetic field will cause the 
particle to move in a spiral path between the 
emulsions. The radius p of the cylinder on which 
the spiral lies can be determined from the angle 
between the directions of motion of the particle 
where it leaves one emulsion and where it enters 
the other. The momentum of the particle will 
then be given by*® 


p = (ze/c)(Hp/sing), (28) 


where H is the magnetic field strength and ¢ the 
angle made by the direction of motion of the 
particle with the plane of the emulsions. If the 


*%C, F. Powell and S. Rosenblum, Nature 161, 473 
(1948); I. G. Barbour, Phys. Rev. 78, 518 (1950). 
25 C. Franzinetti, Phil. Mag. 41, 86 (1950). 
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particle ends in one emulsion its range will give a 
measure of its energy as a function of mass, and, 
with a knowledge of its momentum, this permits 
the identification of the particle. 

In the application of this method it is necessary 
that the geometric relationship of the plates 
during exposure be precisely reproduced during 
their examination. This is most conveniently 
accomplished by means of a beam of x-rays 
passing through a sheet of lead with a regular 
pattern of small holes in it. The plates are ex- 
posed to this beam after they have been as- 
sembled in their holder, the resulting grid pat- 
tern assuring the certainty of the subsequent 
superimposition of the plates. Alternatively, a 
lead sheet with a narrow slit in it may be used 
to produce a pattern of lines in the plates by ex- 
posing them with the slit in different positions. 
The usual method of examination of these plates 
is to place them emulsion-to-emulsion after 
processing, aligning them according to the mark- 
ings produced by the x-rays, and to view them 
through the glass backings on either side by 
means of a reflecting microscope.** This type of 
microscope affords a greater depth of focus than 
the conventional types. 


26 W. J. Bates and G. P. S. Occhialini, Nature 161, 473 
(1948). 


Joint Meeting of the AAPT and the Colloquium of College Physicists 


The Colloquium of College Physicists meeting at the University of Iowa, June 11-14, 1952, 
will be joined by the American Association of Physics Teachers for its summer meeting. One 
of the special features will be the four special lectures given by Professor G. E. Uhlenbeck, 
the co-discoverer of the spin of the electron. Another is the annual exhibit of new devices, 
both experimental and nonexperimental, for which prizes are offered. 





A Simple Arrangement for a Rotating Cylinder Viscometer 


F. H. H1IsBBERD 
University of Sydney, Sydney, Australia 
(Received October 1, 1951) 


A modification of the rotating-cylinder method of measuring coefficients of viscosities of 
liquids, suitable for advanced laboratory classes, is described. The terminal angular velocity 
is measured for a series of driving torques and of depths of liquid. End effects can be eliminated 


by appropriate treatment of the data. 


HE rotating cylinder viscometer can provide 

a valuable experimental demonstration of 

the phenomenon of viscosity and a suitable quan- 
titative exercise for undergraduate students. The 
usual type of viscometer involves measurement 
of the viscous torque (e.g., by using a torsion 
suspension) on a cylinder when another cylinder, 
coaxially outside or within the first, is rotated 
with constant angular velocity. End effects are 
eliminated by measuring the viscous torques for 
the same angular velocity with different depths 
of liquid between the cylinders; or alternatively, 
if different velocities are used, by assuming that 
the end effects are proportional to the velocity 
and so eliminating them. It is usual to rotate the 
cylinder by hand or by an electric motor. The 


Fic. 1. Diagram of rotating cylinder viscometer. The 
driving torque is provided by two equal weights. For 
different driving torques the terminal angular velocity is 
measured for several different depths of the liquid. 


method described below is different in that one 
measures the terminal angular velocity resulting 
from a given applied torque. The torque is 
supplied by falling weights, obviating the need 
for the usual electric motor. Also the results are 
treated graphically and thus show clearly the 
maintenance or otherwise of nonturbulent con- 
ditions and the dependence of the viscous force 
on the various factors involved. It has been used 
successfully by classes of second-year students 
over the past four years. 

The viscometer is illustrated in Fig. 1. The 
rotating cylinder and the pulleys are mounted on 
ball bearings. Rotation is produced by falling 
weights attached to strings wound round the 
spindle of the rotating cylinder. The cylinder 
very soon acquires a constant velocity. With the 
same level of liquid in the instrument the angular 
velocities produced by a number of different 
weights are measured. This procedure is then 
repeated for some five different depths of liquid. 
The interpretation of the results constitutes a 
good exercise in graphical methods and in the 
application of simple partial differentiation. 

When the rotating cylinder is immersed to a 
depth / in a liquid whose viscosity coefficient is 7, 
and is rotating with constant angular velocity w, 
the retarding torque acting on it is 


(4mnRYR2lw/R? — Ri?) +4(a), 


where the function ¢(w) represents the viscous 
torque on the base and also mechanical friction. 
For a given instrument ¢(w) may be assumed to 
be a function of w only, provided friction is small. 
(For simplicity ¢(w) may be taken also to include 
the correction to the viscous force on the wall of 
the cylinder due to nonuniformity in the stream- 
line pattern near the lower end of 1.) 

The applied torque with a pair of weights each 
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of mass m is 2mgr, where r is the radius of the 
spindle plus half the thickness of the string. 
When constant angular velocity is attained these 
torques are equal and we can write 

m =(2rnR?R2*lw/gr(Re — Rx?) ]+¢(w)/gr, (1) 

= Klw+$(w)/gr, 
where 
K =[21nR?R221/gr(R2—R,) ]. (2) 

Differentiating Eq. (1) partially with respect 
to w, leaves 


(0m/dw): =m’ = K1+ ¢’(w) /gr. (3) 
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Fic. 2. Graph of terminal angular velocity of inner 
cylinder of viscometer for various driving torques and a 
series of depths of liquid. The depths / are quoted in cm; 
the angular velocity w is given in rad/sec. 


Differentiating Eq. (3) partially with respect to / 
gives 


(am! /al)o=K. 
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Fic. 3. The graph of (0m/dw); against / is a straight line. 
The slope of this line is directly proportional to the vis- 
cosity of the liquid. The unit of (m/w); is g-sec/rad. 


From the experimental data a family of curves 
can be constructed of m against w for each value 
of /. Since in practice the main viscosity term 
becomes much larger than ¢(w) as / increases, 
the m vs w curves will be almost straight lines, 
their slope being m’. Hence corresponding pairs 
of values of m’ and / can be obtained. A plot of 
m’ against / should be, for large /, a straight line 
the gradient of which, in the proper units, 
yields K. By expression (2) the viscosity co- 
efficient » may then be evaluated. It is also 
possible, if desired, to find an approximate value 
for $(w). 

Figures 2 and 3 are reproductions of actual 
experimental curves obtained by students and 
are typical of the results obtained generally. 





Charles G. Darwin, my predecessor in my Edinburgh Chair (of Natural Philosopiy), once said 
something like this: ‘The ordinary man can see a thing an inch in front of his nose; a few can see 
things 2 inches distant; if anyone can see it at 3 inches, he is a man of genius.’-—Max Born, 
Experiment and Theory in Physics (Cambridge, 1943), p. 34. 





Experimental Outcomes of Laboratory Instruction in Elementary College Physics* 


HayM KRUGLAK 
University of Minnesota, Minneapolis 14, Minnesota 
(Received September 14, 1951) 


The purpose of the investigation was to compare the learning outcomes of the conventional 
and the demonstration methods in the general physics laboratory. The achievement criteria 
were two pencil-paper tests on mechanics theory and laboratory and two laboratory-per- 
formance examinations. The analysis of variance and covariance techniques was used to study 
the effects of the methods, the instructor, and the interactions between methods and instruc- 
tors. The effects of the following variables were partialled out: scores on the ACE Psychological 
Examination, scores on a mathematics test,and grades on a pre-test corresponding to each of the 
four criteria. It was found that the means on one of the performance tests were significantly 
higher for groups taught by the conventional method. No statistically significant differences in 
the means traceable to the two methods were found on the other three criteria. No statistically 
significant differences in the means of the four criteria were traceable to the differences in the 
four instructors or the interactions between the instructors and methods. The conventional 
method appeared to be more effective in teaching the simple manipulatory techniques, the 
understanding of instrumental set-ups, and the skill in solving simple problems using apparatus 


and materials of the elementary laboratory. 


I. THE PROBLEM 


HE purpose of the investigation was to com- 

pare the learning outcomes of two instruc- 

tional methods in elementary, nontechnical 

physics laboratories at the University of Minne- 

sota. The experimental groups were taught by 

the demonstration method; the control groups 
by the conventional, or individual method. 

The most recent comprehensive review of 
the lecture-demonstration versus individual 
method in the laboratory was made by Cunning- 
ham.' In evaluating 37 investigations on the 
basis of 13 criteria, Cunningham concluded that, 
“it is probable that no absolute decision on this 
general problem for all cases and for all time can 
ever be made.’”’ Cunningham made a number of 
suggestions as to the learning situations for 
which each method is most desirable. However, 
he wisely realized the complexity of scientific 
thinking and suggested the need of additional 
research for discovering the optimum contribu- 
tion of a particular instructional method. 

The experiment was designed to test three 
null hypotheses: (1) There are no differences in 
learning outcomes of students in the experi- 
mental and the control groups. (2) There are no 


* Based on a paper presented at the Iowa Colloquium 
of College Physicists, June 14, 1951. 

1 Harry A. Cunningham, ‘Lecture Demonstration versus 
Individual Laboratory Method in Science Teaching—A 
Summary,” Science Education 30, 70-82 (1946). 


differences in learning outcomes of students that 
can be attributed to the effects of the individual 
laboratory instructors. (3) There are no differ- 
ences in learning outcomes of students that are 
traceable to the interaction between the instruc- 
tors and the methods. 


Il. THE PILOT EXPERIMENT 


A preliminary investigation was carried out 
during the winter quarter, 1950, with students 
in the general physics course dealing with mag- 
netism and electricity. Forty-six students were 
assigned by the random number technique to 
two experimental and two control groups; com- 
plete data were available for thirty-eight subjects. 

A 2X2 randomized block design was used. 
Two instructors were selected, with each as- 
signed one experimental and one control group. 
In the experimental groups, all of the assigned 
experiments were demonstrated by the instructor ; 
the students were not allowed to manipulate 
any of the apparatus. In the control groups 
students worked in pairs, following directions 
according to a laboratory manual. 

The instructional outcomes were measured by 
an objective-type test in magnetism and elec- 
tricity, with the items selected from the Co- 
operative Physics Test for College Students,’ a 


2 By special permission of the Cooperative Test Division, 
Educational Testing Service, Princeton, New Jersey. 
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laboratory-written examination, a long-item lab- 
oratory performance test, and a short-item lab- 
oratory performance test. 

The initial status of the students was ascer- 
tained by scores on the American Council on 
Education Psychological Examination (ACE), 
final physics grade for the preceding quarter, 
pre-test in magnetism and electricity, a written 
laboratory pre-test, a long-item laboratory per- 
formance pre-test, and a short-item laboratory 
pre-test. It was found that there were no signifi- 
cant differences between the control and ex- 
perimental groups on the six initial measures. 

The analysis of variance and covariance tech- 
niques were used to test the above-mentioned 
null hypotheses. In the analysis of variance 
technique, the total sum of squares was broken 
down into components, with each assigned to its 
appropriate source. The ratio of the mean square 
of each component to the mean square of the 
error was tested for significance. In the analysis 
of covariance, the effects of the ACE and previ- 
ous physics grades were partialled out. 

The results of the analysis summarized in 
Table I led to the acceptance of the three hy- 
potheses for the outcomes based on the theory test, 
on the laboratory written examination, and on 
the short-item laboratory performance test. The 
analysis of covariance could not be carried out 
for the long-item laboratory performance test, 
because the groups were not homogeneous. 

It appeared from the preliminary study that 
there were no statistically significant differences 
in the means traceable to the two instructional 
methods or the two instructors, nor did any one 
method work better for one instructor than it 
did for the other, on three of the four criterion 
measures. 


Ill. THE MAJOR INVESTIGATION 


An intensive experiment on the relative ef- 
fectiveness of the demonstration and individual 
methods of laboratory instruction was carried 
out during the fall quarter, 1950. 

All the subjects of the study were male stu- 
dents enrolled in the general, nontechnical physics 
course (mechanics) at the University of Minne- 
sota. Of the?'108 students who were assigned to 
8 groups by the random number technique, com- 
plete data were available for 64 subjects on the 











TaBLE I. Summary of the analyses of variance and co- 
variance for the pilot study. Physics 2a, winter quarter 
1950, University of Minnesota. 





Significance of differences 
ves Initial measures Inter- 
Criterion N held constant Method Instructor action 


Short-item lab. 38 none Control ““A”-superior® none 

performance Superior® 

Short-item lab. 38 Pre-test Control ‘‘A'’-superior® none 

performance Superior> 

Short-item lab. 38 Pre-test, none none none 

performance previous grade 

Long-item lab. 38 none Control 

performance Superior’ none none 

Long-item lab. 38 Pre-test Variances not homogeneous— 

performance statistical treatment inapplicable 

Long-item lab. 38 Pre-test, Variances not homogeneous— 

performance previous grade statistical treatment inapplicable 

Lab. written 38 none none none none 

Lab. written 38 Pre-test none none none 

Lab. written 38 Pre-test, none none none 
previous grade 

Electricity 38 none none none none 

theory 

Electricity 38 Pre-test none none none 

theory 

Electricity 38 Pre-test, none none none 

theory previous grade 


8 Significant at the 1 percent level. 
> Significant at the 5 percent level. 


theory and laboratory written tests and for 56 
subjects on the two laboratory performance 
examinations. 

A 2X4 randomized block with equal subclasses 
was used. Four instructors were selected, with 
each assigned one experimental and one control 
group. The two instructional methods were the 
same as in the pilot experiment. The experiment 
was carefully controlled with respect to the sub- 
ject matter, the instruction time, the apparatus, 
and the tests. The laboratory instructors were 
graduate students in the department of physics, 
with previous laboratory teaching experience. 

Information on the initial status of the stu- 
dents was obtained by means of a questionnaire, 
the American Council on Education Psycho- 
logical Examination (ACE), and five pre-tests: 
mathematics, mechanics theory, laboratory writ- 
ten, short-item laboratory performance, and a 
long-item laboratory performance. The achieve- 
ment criteria were four tests given at the end of 
the quarter: mechanics theory, laboratory writ- 
ten and the two laboratory performance ex- 
aminations. 

The mathematics test constructed by the 
writer was designed to sample the mathematical 
understandings and skills needed in elementary, 
nontechnical physics. The 30 items were of the 
five-alternative, multiple-choice type. A number 
of the items were taken from the 1948 Minnesota 
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State Mathematics Test, constructed by Dr. 
J. Schunert. Following is an item from the mathe- 
matics pre-test: 


( ) 13. 3/2=mn/15; the value of x is 
(1) 22.5 
(2) 25.2 
(3) 10 
(4) 6/15 
(5) 2/45 


The test was administered during the first lec- 
ture period of the course. The administration 
time was 30 minutes. The reliability of the test 
was computed by the Hoyt method?’ for the 64 
subjects in the experimental and control groups. 
With r=0.75 the test differentiated reliably be- 
tween individuals at the 1 percent level. 

The student’s knowledge of elementary me- 
chanics at the beginning of the quarter was 
evaluated by means of a 33-item test on vo- 
cabulary, principles, and applications of ele- 
mentary mechanics. The items were of the five- 
alternative, multiple-choice type. The items were 
selected by the writer to correspond to the topics 
in the course from the Cooperative Physics 
Tests for College Students, Forms C, D, E, F. 
Following is an item from the mechanics theory 
pre-test: 


( ) 15. An object of mass 1 g initially at 
rest on a horizontal frictionless table 
is acted on by a horizontal force of 
1 dyne for 1 sec. During this time 


the object 

(1) hasan average speed of 1 cm/sec. 

(2) has an average speed of 0.5 
cm/sec. 

(3) acquires a momentum of 0.5 g- 
cm/sec. 

(4) acquires a speed of 0.5 cm/sec. 

(5) moves 1 cm. 


The test was administered during the second 
lecture period of the course. The administration 
time was 45 minutes. The students were told to 
do their best, but that the score on the test 
would not be counted as part of their grade. 
None of the material covered by the test was 
presented or discussed prior to the test adminis- 


3 Cyril J. Hoyt, Psychometrika 6, 153-160 (1941). 
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tration. The test was found to be unreliable as 
a pre-test, for the 64 subjects in the experimental 
and control groups. The pre-test scores indicated 
little or no knowledge of the kind measured by 
the test at the beginning of the experiment. 

The laboratory written-test was designed to 
measure some of the specific outcomes associated 
with the work covered in an elementary me- 
chanics laboratory. The test was constructed by 
the writer and Mr. Lynne Trainor, the student- 
supervisor of elementary physics laboratories at 
the University of Minnesota. The 30 items in 
the test were based primarily on the experiments 
scheduled for the fall quarter, 1950. The items 
were of the five-alternative, multiple-choice type. 
Following is an item from the laboratory-written 
pre-test : 


( ) 21. Astudent measures the time it takes 
a ball to roll down an inclined board. 
He uses the measurements to find 
the acceleration from the formula 


a=2s/#, when s=135.5+.5 cm 
t= 2.3+.1 sec 


The longhand computation gives a 
value of a=51.2287-+cm/sec?. The 
value of a should be recorded as 
(1) 51.2287-+cm/sec? 

(2) 51.229 cm/sec? 

(3) 51.23 cm/sec? 

(4) 51.2 cm/sec? 

(5) 51 cm/sec? 


The test was administered during the third 
lecture period of the course, prior to any work in 
the laboratory. The administration time for the 
test was 45 minutes. The test was found to be 
unreliable by the Hoyt method for the 64 sub- 
jects in the experimental and control groups. 
The pre-test scores indicated little or no knowl- 
edge of the kind measured by the test at the 
beginning of the experiment. 

The short-item laboratory test was devised 
by the writer and Mr. Trainor to measure the 
understanding of physical principles in terms of 
apparatus set-ups, the possession of a few ma- 
nipulatory skills and techniques, and the ability 
to solve simple problems involving instruments 
and materials commonly found in a mechanics 
laboratory. The test consisted of 18 performance 
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items (stations), with a total of 35 possible re- 
sponses. The verbal descriptions of the given 
apparatus and the problem were typed on a 
4X6 card, which was placed in a transparent 
plastic jacket; the latter was taped to the table 
next to the apparatus. The students were as- 
signed, at random, to stations at the beginning 
of the test and moved to the following station at 
three-minute intervals upon a signal from the 
instructor. The responses were recorded in a 
special booklet. A detailed scoring key was made 
by the authors of the test. Each test was graded 
independently by two graduate assistants, and 
their scores averaged. Following is an item from 
the short-item performance pre-test. 


Location No. 9 


Given: Meter stick supported at the center 
of gravity, weights, sliding hooks, 
unknown weight. 

Problem: To find the unknown weight. 

Note: Neglect the weight of sliders. 
When instructor signals, move to 
location No. 10. 


The test was administered during the first 
laboratory period, prior to any discussion or 
manipulation of laboratory equipment. With a 
Hoyt reliability coefficient of 0.46, the test dif- 
ferentiated reliably between individuals at the 1 
percent level. 

The long-item laboratory test was devised by 
Professor C. N. Wall, the writer, and Mr. Lynne 
Trainor, to measure the ability to solve prob- 
lems by means of apparatus in situations more 
complex than those of the short-item test. The 
9 items of the test were distributed among 6 
“stations.”” The students moved from one sta- 
tion to the next at 9-minute intervals. At three 
of the stations the students were allowed to 
spend the full 9 minutes on a single item; at the 
remaining three stations the subjects distributed 
their time so as to complete 2 items in the 
9-minute interval. Following is an item from the 
long-item performance pre-test : 


Location No. 24 


Given: Derrick, weight, spring balance and 
meter stick. 
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Problem: Find the weight of the boom. 
Note: The mass of the suspended weight 
is marked on it. 


When instructor signals, move to loca- 
tion No. 25. 


The test was administered during the first 
laboratory period. With a Hoyt reliability co- 
efficient of 0.58, the test differentiated reliably 
between individuals at the 1 percent level. 

The mechanics theory post-test was identical 
with the theory pre-test. The post-test was ad- 
ministered as part of the final course examina- 
tion. There was no conscious attempt on the 
part of the lecturer to discuss specifically the 
test items during the quarter; nor were the 
students told that the post-test would be the 
same as the pre-test. The latter statement is 
applicable to the other tests discussed below. 
With a Hoyt reliability coefficient of 0.56, the 
test differentiated reliably between individuals 
at the 1 percent level. 

The laboratory-written post-test was identical 
with the pretest. The post-test was administered 
as part of the final course examination. With a 
Hoyt reliability coefficient of 0.51, the test dif- 
ferentiated reliably between individuals at the 1 
percent level. 

The short-item performance post-test was iden- 
tical with the pre-test. The test was administered 
during the final laboratory period. With a Hoyt 
reliability coefficient of 0.68, the test differenti- 
ated reliably between individuals at the 1 percent 
level. 

The long-item performance post-test was iden- 
tical with the pre-test. The post-test was admin- 
istered during the final laboratory period. With 
a Hoyt reliability coefficient of 0.68, the test 
differentiated reliably between individuals at the 
1 percent level. 

The data were subjected to the analysis of 
variance and covariance techniques. The effects 
of the following variables were partialled out: 
ACE, the mathematics pre-test, and the pre-test 
corresponding to each of the four post-tests. The 
results of the analysis are summarized in Table II. 


‘For a more detailed description of laboratory per- 
formance tests, see C. N. Wall, H. Kruglak, and L. E. H. 


Trainor, Am. J. Phys. 19, 546 (1951). 
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TABLE II. Summary of the analyses of variance 
and covariance. Physics 1a, fall quarter 1950—University 
of Minnesota. 


Significance of differences 


Initial measures Instruc- Inter- 


Criterion 


Short-item lab. 


performance 


Short-item lab. 


performance 


Long-item lab. 


performance 


Long-item lab. 


performance 
Lab. written 
Lab. written 


Mechanics 
theory 
Mechanics 
theory 


N 


56 


56 
56 


56 


64 
64 


64 


held constant 
none 

Pretest, 
ACE 


none 


Pretest, math., 


ACE 
none 


Pretest, math., 


ACE 
none 


Pretest, 
ACE 


Method 


Conventional 
superior® 
Conventional 
superior® 
Conventional 
superior® 
none 


none 
none 


Conventional 
superior> 
none 


tor 


none 


none 


none 


none 


none 
none 


none 


none 


action 
none 
none 
none 
none 


none 
none 


none 


none 








® Significant at the 1 percent level. 
» Significant at the 5 percent level. 


Testing the three null hypothesis by the F-test 
gave the following results: 


(a) The hypothesis of no difference between 
the demonstration and the individual 
method of laboratory instruction for the 
(1) short-item laboratory performance 

—REJECTED 
(2) long-item laboratory performance 

—accepted 

—accepted 

—accepted. 


(3) laboratory written 
(4) mechanics theory 


The hypothesis of no difference between 
the four instructors for the 
(1) short-item laboratory performance 
—accepted 
(2) long-item laboratory performance 
—accepted 
—accepted 
—accepted. 


(3) laboratory written 
(4) mechanics theory 


The hypothesis of no interaction be- 
tween the instructors and methods for 
(1) short-item laboratory performance 
—accepted 

(2) long-item laboratory performance 
—accepted 
—accepted 
-accepted. 


(3) laboratory written 
(4) mechanics theory 


IV. CONCLUSIONS 


The adjusted means on the short-item labora- 
tory performance test were significantly higher 
for groups taught by the individual method than 
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for the demonstration groups. On the basis of 
this study, the experimental evidence supports 
the conclusion that the individual method as 
now used in elementary college physics labora- 
tories is superior to the demonstration method in 
teaching simple manipulatory skills and tech- 
niques. The individual method appears to be 
more effective in teaching the understanding of 
physical principles in terms of instrumental set- 
ups and the skills in solving simple problems 
using apparatus and materials of the elementary 
mechanics laboratory. No statistically significant 
differences in the means of students on the 
short-item laboratory examination could be 
traced to the differences in the individual in- 
structors. That is, no method proved to work 
better for any one instructor than it did for an- 
other instructor. 

No statistically significant differences in the 
adjusted means on the long-item laboratory 
performance test were traceable to the two teach- 
ing methods, or to the four instructors, or to the 
interactions between the instructors and methods. 
Since the long-item laboratory performance test 
involved fairly complex instrumental situations, 
it is reasonable to conclude that neither method 
would be superior in view of the limited instruc- 
tional time in the laboratory and the lack of 
emphasis on the solution of relatively original 
and complex problems. 

No statistically significant differences in the 
adjusted means on the laboratory written test 
were traceable to the two instructional methods, 
or to the four instructors, or to the interactions 
between the instructors and methods. It is 
reasonable to conclude that outcomes of labora- 
tory instruction as measured by the objective 
type of paper-and-pencil tests are essentially 
independent of the two laboratory instructional 
methods or the type of laboratory instructor 
described in this study. 

No statistically significant differences in the 
adjusted means on the mechanics theory test 
were traceable to the two instructional methods, 
or to the four instructors, or to the interactions 
between the instructors and methods. It is 
reasonable to conclude that the knowledge of 
facts and principles of elementary physics and 
the ability to apply them, as revealed by scores 
on an objective-type test, is not measurably in- 
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fluenced by the laboratory instructional methods 
or by the type of laboratory instructors de- 
scribed in the present investigation. 


V. IMPLICATIONS FOR FURTHER RESEARCH 


The present experiment differs from other 
studies in the field in several respects: 


(a) The outcomes of instruction were dif- 
ferentiated into verbal and performance 
behaviors. 

(b) Graduate teaching assistants were used 
as instructors with the demonstration 
and conventional laboratory sections. 

(c) The most efficient statistical techniques 
known were used to test three hypotheses 
from one set of data. 

A large number of factors were rigidly 
controlled. 
The effects of three variables were par- 
tialled out, thus equating the subjects 
on three initial measures of ability and 
experience. 


The investigation left a large number of ques- 
tions unanswered. The following are typical of 


the problems that could and should be explored. 


(1) How can the reliability of practical tests 
be increased ? 

(2) Which laboratory experiments are 

taught better by the demonstration 
method and which by the individual 
method ? 
Would the findings of the experiment 
be different if the laboratory instructors 
were given intensive training in demon- 
stration techniques? 


LABORATORY INSTRUCTION 14! 


(4) Would the study result in the same 
conclusions if a ‘“‘master’’ teacher were 
in charge of one demonstration and one 
conventional laboratory? 

How would groups taught by the prob- 
lem-solving method compare with those 
in the conventional and demonstration 
laboratories? 

Are the findings of the present investi- 
gation limited only to the students 
having the characteristics of the popu- 
lation in the study? 


Speculation about these and similar questions 
in the teaching of science may lead to fruitful 
hypotheses, but the answers themselves can be 
obtained best by rigorous experimentation. 

The writer is especially indebted to Professor 
Palmer O. Johnson for his keen interest in the in- 
vestigation, encouragement and generous grants 
of time. Professor C. N. Wall suggested the use 
of teaching assistants as laboratory demonstra- 
tors and gave the writer the opportunity to carry 
out the investigation under most favorable con- 
ditions. His keen interest in the problem, stimu- 
lating discussions, and helpful suggestions are 
deeply appreciated. Thanks are due to Mr. 
L. E. H. Trainor for scheduling and supervising 
the laboratory tests and for contributing many 
of the test items. Messrs. W. Moonan and 
C. Stunkard were of great help with the sta- 
tistical design and treatment of the data. The 
interest and cooperation of the following gradu- 
ate teaching assistants is thankfully acknowl- 
edged: K. Anderson, N. Horwitz, M. Kettner, 
R. Lagergren, and T. Stratton. 


Symposium on Molecular Structure 


The Annual Symposium on Molecular Structure and Spectroscopy will be held at the 
Department of Physics and Astronomy, The Ohio State University, June 9 to 13, 1952. There 
will be discussions of the interpretation of molecular spectroscopic data as well as methods of 
obtaining such data. In addition, there will be sessions devoted to those phases of spectroscopy 
of current interest. A dormitory will be available for those who wish to reside on the campus 
during the meeting. For further information, write to Professor Harald H. Nielsen, Depart- 
ment of Physics and Astronomy, The Ohio State University, Columbus 10, Ohio. 
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Applied research and development in industrial laboratories are contrasted with traditional 
university research. Various characteristics of scientific workers for applied research are classi- 
fied as indispensable (intelligence, social adaptability, ability to use the English language, in- 
tegrity), important (industriousness, initiative, intellectual curiosity, imagination, ingenuity), 


and desirable (experience, knowledge). 


SINCE there are many ramifications of the 

problem of hiring professional physicists, 
one should approach the subject with caution. 
Almost any general statement can have im- 
portant exceptions, and actually there may be 
relatively few matters on which a large group of 
employers or teachers will agree. In the past 
year it has been one of the author’s responsibili- 
ties to review employment applications from 
about 300 people, approximately half of whom 
are physicists. In this paper are presented the 
reactions of one man. 

In order to define the subject, let us distinguish 
among the aims of different kinds of research: 
(1) The aim of fundamental research is to dis- 
cover new facts or principles of nature; at the 
outset the participants may not know in what 
direction the work will progress. (2) The aim of 
applied research is to ascertain whether a prac- 
tical result is possible by application of known 
techniques and knowledge. (3) The aim of de- 
velopment is to determine whether a practical 
result is practicable or economically feasible. 
(4) The aim of engineering or production re- 
search is to achieve a practical and practicable 
result most economically.! 

As an example, consider the problem of precise 
determination of true airspeed from a high speed 
aircraft. (The problem becomes trivial if precision 
of the order of 5 percent is required at commer- 
cial speeds.) As is well known, the typical Pitot 
tube arrangement gives an indication which is a 
function of Mach number rather than true air- 
speed. Thus, 


b/po=[1+0.5(R—1) M2 }e GRD, 


1For further discussion see C. C. Furnas, Research in 
Industry (D. Van Nostrand and Company, New York, 
1948), Chapter I. Actually for some purposes it is necessary 
to differentiate among more than four types of research. 


where p=total pressure, po=static pressure, 
k=ratio of specific heats at constant pressure 
and constant volume, and M=Mach number 
(ratio of the speed of aircraft to the speed of 
sound). 

Since the speed of sound depends on tempera- 
ture, to obtain true airspeed from Mach number, 
one must measure (or estimate) the free-stream 
temperature, a difficult thing to do with pre- 
cision at all altitudes, temperatures, and speeds— 
even in clear air. In an oversimplified discussion : 

Fundamental research deals with the basic 
aerodynamics of the situation. 

Applied research determines whether it is 
possible to construct instrumentation and com- 
puters that will indicate true airspeed, and get 
the complete device into an airplane (conceiv- 
ably it might, though probably would not, 
weigh 500 Ibs). 

Development is concerned with reducing size, 
weight, and complexity; and improving per- 
formance, reliability, and flexibility of use, so 
that one might want to put the device into an 
airplane. 

Production research involves practical manu- 
facturing considerations. 

Academic researches in physics, usually though 
not invariably, may be characterized as follows: 
(1) They are of the fundamental type; (2) they 
are carried out by individuals or by small groups 
working on a fairly autonomous basis; (3) one 
of the main objectives of the research is for 
John Smith to get training in research and to 
earn his advanced degree; (4) there is no signifi- 
cant time schedule; (5) financial support comes 
vaguely and in unidentified ways from taxes, 
tax exemptions, endowments, gifts, faculty 
salaries, tuition and grants, etc., (although occa- 
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sionally from sponsors having cost accountants) 
and is measured in hundreds—sometimes in 
thousands of dollars, but rarely more;? (6) per- 
sonnel are paid mainly in degrees and in personal 
satisfaction. 

Applied research ordinarily is carried out by 
industry, government, or research institute. 
Usually it is characterized as follows: (1) It has 
a practical objective; (2) it is a team effort; 
(3) one of the primary motives of management 
is to get the work done; (4) a time schedule is 
set as a guide even if it is not followed exactly; 
(5) projects operate on a budget measured in 
tens or hundreds of thousands, occasionally in 
millions of dollars; (6) personnel are paid 
mainly in dollars. 

Let us discuss some of these points. In the 
academic case, if the experimental equipment 
can be made to operate with John Smith at the 
controls for a long enough interval, some mid- 
night when voltage is steady and there is no 
building vibration from passing trucks, John is 
able to get his essential data, and the equipment 
has been a success. In the nonacademic case the 
equipment must be capable of being operated 
by ordinary mortals over a range from 95 to 
135 volts, from —70 to +160°F; it must with- 
stand humidity, vibration, and rough handling; 
it must be reliable; and it must consume no 
power, have no weight, and require no space. 
This is not the place to ask which of the several 
types of research are better than others, but 
merely to note that they are different and under- 
taken by different kinds of people working in 
different ways. 

Qualifications for prospective employees in 
applied research are listed below by categories 
in what the author considers to be their order 
of importance: 


I. Indispensable 
intelligence 
social adaptability or ability to fit in 
with a group 
ability to utilize the English language 
effectively 
integrity. 


? Rarely more, that is, than a few thousand dollars per 
man-year; but there are some spectacular exceptions. 


II. Important 
industriousness 
initiative 
intellectual curiosity 
imagination 
ingenuity. 


III. Desirable 
experience 
knowledge. 


Some qualifications not explicitly mentioned 
are implicit, e.g., interest in applied research 
and aptitude for it. 

Intelligence is a prime requisite for a research 
worker. Presumably if a man has a degree from 
a recognized university, he must have some in- 
telligence, but one usually cannot find out how 
much until the man has been employed for 
several months or a year. Certainly intelligence 
belongs in the “indispensable” category. 

Because of the teamwork aspect of most ap- 
plied research groups, another indispensable 
qualification for a prospective employee is social 
adaptability, that is, ability to fit in with the 
group. “Prima donnas’” and social eccentrics 
cannot be tolerated because of their adverse 
influence on the rest of the group. One man who 
lowers the efficiency of a ten-man group by 10 
percent because of his obnoxious ways obviously 
has no net worth to the group. 

A third indispensable qualification is the 
ability to utilize the English language effectively. 
This need arises because of the more complex 
administrative and fiscal structure of the applied 
research group relative to the individual aca- 
demic research. In an applied research project, 
department heads, section heads, project en- 
gineers, various scientific and engineering per- 
sonnel, and sponsors will be concerned with the 
work of the project. Many of the ideas generated 
will be presented to others either in conference 
or on paper. A potentially good idea does not be- 
come useful until it has been understood and 
appreciated by several people who often are 
skeptical. Consequently, facility in presentation 
of properly oriented, concise, accurate, and clear 
discussions is a very important qualification. 
One has merely to attend a typical meeting of a 
professional society to realize that facility in 
explaining technical material is not a universal 
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gift. It is one thing to present an obfuscated and 
drowsy paper to a Society, and quite another to 
do the same thing at a staff meeting. 

Certainly integrity in the sense of not falsify- 
ing results is indispensable. In its broader mean- 
ings it may be difficult to distinguish from in- 
telligence, but in any case integrity belongs in 
the indispensable category. 

The qualifications in the ‘‘important”’ category 
are almost mandatory, but unless an employer 
is willing to relax requirements to some extent 
he may have no employees. Some compromise is 
possible between industriousness and ingenuity. 
The importance of all qualifications in this cate- 
gory is obvious. 

Experience is valuable for many reasons, 
chiefly because it gives a man good calibrations 
on the value of a dollar and on how much work 
can be done in a month. Unfortunately, too 
many graduates entering industrial research seem 
to feel that time is like the mechanician in the 
shop—and both are free. Nothing but experience 
can teach a man what constitutes a full day’s 
scientific work and how many dollars are re- 
quired to keep a scientist working for a day, in- 
cluding his supporting assistants, purchasing 
agents, business accountants, management super- 
vision, and other overhead. In academic research, 
only John Smith suffers if he fumbles with a 
problem for several weeks; but in an applied 
research group, delays cannot be tolerated, be- 
cause their cost cannot be justified. Experience 
is significant also because it replaces book learn- 
ing with real understanding. On occasion experi- 
ence supplies an immediate answer to a problem 
like one that has come up before. 

Finally comes knowledge, which is last in the 
list only because of the greater importance of 
other qualifications. Naturally any good re- 
search man must have considerable knowledge. 
The point should be emphasized, however, that 
with a reasonable amount of general scientific 
and engineering knowledge it is not very im- 
portant in what field the specialized knowledge 
lies. On any long range project, ability to learn 
is more important than knowledge, since much 
of the knowledge existing at the outset certainly 
will become out-of-date as the project progresses.* 


3See also A. W. Hull, Science 101, 157-160 (1945). 
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Intelligence, industriousness or perseverance, 
knowledge, and scholastic record must be clearly 
distinguished. Unfortunately a man’s scholastic 
record frequently is not very illuminating, in- 
asmuch as bookishness, shrewdness, or memoriz- 
ing sometimes can be substituted, in certain 
written examinations, for ability to use a subject. 

Primary functions of interviews are to make 
estimates of a prospective employee’s social 
adaptability and his facility in communicating 
ideas about subjects with which he is familiar. 
(To demonstrate facility in communication an 
applicant for employment should be advised to 
write a personal letter in addition to giving 
appropriate factual data on a summary sheet.) 
Other functions of interviews are to explore the 
applicants’s knowledge, to evaluate his experi- 
ence, if possible to make estimates of his intelli- 
gence and other characteristics, and to determine 
how to utilize him. Occasionally in an interview 
one finds a man who resents being given an oral 
examination. Any prospective employee should 
realize that no employer will obligate himself to 
pay a scientist’s salary without investigating 
what return he is likely to get. How and where 
to utilize a man to the best advantage is im- 
portant both to employer and to the man since 
inefficiency and discontent are costly. 

Actually no paragon with all the virtues men- 
tioned is ever looking for a position. In practice, 
one must compromise to some extent, balancing 
a man’s good points against his weak ones. It is 
imperative, however, that the group be made 
stronger than the sum of the individuals in it by 
utilizing each man’s strong points and by match- 
ing another’s strong points for the former’s 
weak ones. 

For certain high level positions, judgment, 
leadership, and ability to plan and organize are 
of great importance. In this discussion they have 
not been emphasized because few recent gradu- 
ates can expect to assume high level positions 
right away. 

Today the majority of positions open to young 
physicists are in applied research.‘ It seems un- 


4 According to M. H. Trytten, Director of the Office of 
Scientific Personnel of the National Research Council, 
4000 physicists are employed in education, 3500 in govern- 
ment, and 4500 in industry. Scientific American, Sep- 
tember, 1951, p. 71. 
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fortunate that so many universities training 
physicists tend to stress subject-matter knowl- 
edge to the exclusion of nearly everything else.® 


5 Sometimes an argument is made that students are too 
immature to profit by formal instruction in the organiza- 
tion and methods of research projects, or in some of the 
abstract personal characteristics referred to in this paper. 
It is maintained that these things can be learned only by 
experience and that their importance can be recognized 
only by experienced men. The author is aware of the 
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The Fundamental Character of the Photometric System 


Gorpon L. WALLS 






Fortunately for the student, however, certain 
other important qualifications for a position can 
be learned to some extent outside the classroom. 
Students would be well advised to give them 
consideration. 


scarcity of physicists with backgrounds in industrial re- 
search who have interests and ability in teaching. He con- 
tends, nevertheless, that some improvements can be made 
in present programs. 


University of California School of Optometry, Berkeley 4, California 


(Received May 14, 1951) 


It is shown that photometric quantities and units are not psychophysical entities, as offi- 
cially claimed, since they express no relationships between subjective intensity (brightness) 


and the true visual stimulus magnitudes (which are energy magnitudes). It is shown that no 
theoretical barriers exist to the determination of that fraction of one watt at 4555 mu, which 
provides one lumen of luminous flux (photometric “‘light’’). It is further shown that this value 
will equal an absolute number of quanta/sec usefully absorbed in photochemical molecules in 
the standard observer in a standard state of adaptation, that this number of quanta/sec will 
be independent of wavelength if the brightness-generating receptors are all alike, and that it 
will vary with wavelength for purely objective reasons if each color receptor type makes a 


specific contribution to brightness. 


It is concluded that since the lumen is expressible as an absolute number of quanta/sec, there 
is no intrinsic subjective element in the photometric system and the system is not psycho- 


physical but ‘'100 percent physical.”’ 


7. the hands of the people who employ it 
professionally, the photometric system works 
beautifully. But to those who have to explain 
the system to students of physiological optics, 
illumination engineering, and psychology, it is 
a source of considerable embarrassment. The 
instructor must make clear the distinctions be- 
tween three kinds of ‘‘light,’”’ when he cannot 
quite understand the distinctions himself. 

The physicist’s light offers no difficulty. It is 
radiant flux at frequencies between those of the 
shortest Hertzian waves and the longest Réntgen 
waves. The psychologist’s light gives no trouble. 
It is pure visual sensation divested of thingness 
and has no necessary attributes other than 
brightness.! The photometrist’s light, luminous 
flux, causes all the worry. It is supposed to be 
neither a physical nor a psychological entity— 
neither energy nor brightness. But the student 
knows that what strikes his retina is energy. 

1 With the adoption of the term luminance, the ICI has 
released brightness, which can therefore be restored to its 
original meaning: the intensitive aspect of visual sensation 


(in which sense it will be used here). Psychologists have 
always resented being forced to use brilliance. 





From this he obtains brightness when that en- 
ergy is at appropriate frequencies and intensities. 
When told that he must quantify visual stimuli 
in photometric units, he can only wonder why 
quantities of energy should have to have their 
names changed before he can see them. 

The point of view of official photometry, as 
expressed in the reports of the Colorimetry Com- 
mittee of The Optical Society of America, is 
that luminous flux is a psychophysical entity, 
defined as radiant flux evaluated as tegards its 
capacity to evoke the brightness aspect of visual 
sensation. This statement is by no means as 
straightforward as it looks. The word ‘‘psycho- 
physical’”’ has only one meaning to the people 
who coined it and who alone have the right to 
define it—the psychologists. It is an adjective 
which is descriptive of any operation in which a 
sensory magnitude is determined in relation to a 
stimulus magnitude. Psychophysicists, by defini- 
tion, are individuals who believe that sensations 
can be measured. 

To say that the photometric (hence the entire 
colorimetric) system is a psychophysical system, 
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and to say that the raw material of photometry— 
luminous flux—is radiant flux evaluated in terms 
of its brightness-producing power, is clearly to 
imply that photometric quantities are linearly 
related to brightness. If I have evaluated a 
radiant flux as having a certain brightness- 
arousing capacity, then if I double the radiant 
flux I should find that the brightness doubles. 
Nothing is farther from the truth; but the prac- 
ticing photometrist conceals the truth from him- 
self by his own methods of operation. He never 
evaluates one brightness in terms of another 
which is different. He makes comparisons only 
by creating actual or constructive brightness 
matches, and then employs the inverse square 
law to quantify his unknown intensities. Equal 
photometric magnitudes do afford equal bright- 
nesses; but this is because the photometric 
magnitudes are then equal by definition. Two 
identical illuminations of 20 ft-c illuminance 
each, superposed on a surface, cause that sur- 
face to evoke the same brightness as does one 
illumination of 40 ft-c. The photometric system 
contains no word to warn its users that the 
brightness with one of the 20 ft-c illuminations 
would not be half as great as that under 40 ft-c. 
If there is one thing which official photometry 
avoids, it is any attempt to establish a genuine 
psychophysical relationship. One is left free to 
believe that the brightnesses of 40 ft-c and 20 
ft-c are in 2:1 ratio, or are supposed to be, even 
if one notices that they are not. 

It is not necessary to discuss here the restricted 
validity of Fechner’s law (brightness = k- log pho- 
tometric magnitude+c). Suffice it to say that 
when the spectral distribution of radiant flux is 
constant, increasing the flux brings diminishing 
returns in brightness. But photometric magni- 
tudes—candles, foot-candles, foot-lamberts, etc. 
—all increase directly with radiant flux, or with 
radiant flux ‘‘per’” whatever divisor gives the 
radiometric counterpart of the photometric 
entity. 

When the spectral distribution of radiant flux 
is altered, the relationship of luminous flux to 
radiant flux usually changes. One says that at 
each visible wavelength there is a particular 
“‘luminosity.’’ While the photometrist seems to 
think of luminosity as a property of the radia- 
tion, it is really a ratio, a rate-of-exchange be- 
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tween lumens of luminous flux and watts of 
radiant flux. Nowhere but just here does it 
seem so easy to the photometrist to make it 
clear to others that a photometric quantity is a 
radiometric quantity re-evaluated ; for, it would 
seem, it is only the fact that luminosity is dif- 
ferent at different wavelengths that makes the 
re-evaluation necessary at all. If so many watts 
afforded the same number of lumens (i.e., the 
same brightness!) at every wavelength, we could 
deal entirely in watts and we should have no 
need for the lumen and its derivatives. 

When the ordinate axis of the standard pho- 
topic luminosity curve is calibrated in percent, 
the ordinates of the curve are “luminosity fac- 
tors,” values of K,, which express the photo- 
metric values of unit power relative to the 
photometric value of unit power at the peak 
wavelength, 555 mu. Since by definition (for the 
present) one watt at A555 mu affords 660 lumens, 
the ordinate axis could as well be calibrated 
0-660, in lumens/watt. The curve would then 
directly show luminous flux per millimicron 
wavelength-band in an equal-energy spectrum 
at the 1-w/mzy level. 

The luminosity curve, then, exhibits more than 
naked numbers to be read off from its scale. It 
depicts the distribution of something along an 
equal-energy spectrum: The ordinates of the 
curve stand for the relative photometric magni- 
tudes in such a spectrum, at any? level of energy 
or power. I stress the “‘any,’’ because it is com- 
monly thought that the standard luminosity 
curve does not apply to energy levels so low 
that they evoke only scotopic sensations, by way 
of retinal rods, with the photopic (cone) re- 
ceptors out of action. What illumination engineer 
has not had this panicky thought, at some time 
during his education? But. it is of the very 


2 It isa very great mistake to suppose that the luminosity 
curve exhibits the distribution of brightness in an equal- 
energy spectrum. A log-luminosity curve would closely 
approximate that distribution of brightness, at any pho- 
topic energy level neither dazzling nor too close to the 
mesopic region—i.e., anywhere in the great range over 
which Fechner’s law is approximately true. It is all too 
common to find such statements as H. Davson’s [The Physi- 
ology of the Eye (The Blakiston Company, Philadelphia, 
Pennsylvania, 1949) ] who, in the legend of his illustration 
of the luminosity curve, says: “The curve shows how 
bright the same energy-flux appears when the wavelength 
of this energy is varied.”” The reader can amuse himself by 
trying to find a textbook in any field, which explains either 
the nonbrightness significance of the luminosity curve or 
the significance of a log-luminosity curve. 
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essence of the photometric system that its units 
are indefinitely multiplicable and divisible. If 
they were not, they would not be units. The 
fact that 1000 lamberts would permanently blind 
an observer does not keep 1000 L from being a 
perfectly valid photometric quantity; nor is it 
of the slightest consequence to photometry that 
1 wL looks brighter to an eye adapted to it than 
1 mL looks to a light-adapted eye. A light is 
always as bright as it looks, for the brightness 7s 
the “‘looks’”’ of it. On the contrary, its photo- 
metric value does not even depend upon the 
presence of an observer. It is, of course, taught 
that the reason for this is that a standard ob- 
server has been created to liberate the system 
from the effects of individual variation (but not 
from the human species per se). Actually, as we 
shall see, it is because there is nothing ‘“‘psycho-”’ 
about photometric quantities. 

It is claimed that the properties of the human 
visual apparatus are embedded in the photo- 
metric system, the indispensable photopic lu- 
minosity curve bearing witness. This can be 
admitted at once. It is often further argued, 
however, that the human element in the system 
is a subjective taint that keeps the lumen and its 
derivatives from being purely physical quantities. 
This proposition requires extremely close scru- 
tiny; for, if it be found that all those properties 
of the visual system which have been allowed to 
influence the photometric system are demon- 
strably purely physical properties—not ‘“‘psycho- 
logical,”’ not even physiological, but physical— 
then patently there is nothing psychophysical 
whatever about luminous flux, and the lumen 7s 
a packet of energy with its name changed. 

It will at once be objected that this is impos- 
sible since watts are energy-packets but lumens/ 
watt changes with a change of wavelength. 
Nevertheless, I expect here to reach the fore- 
going conclusion. But neither the objection nor 
the conclusion must be jumped to: be it re- 
membered that one watt of radiant flux at 
A555 muy is said to afford 660 lumens, not to 
be 660 lumens. A radiant flux does not disappear 
upon being expressed as luminous flux—one has 
the luminous flux also (provided that some of the 
radiation is at visible wavelengths). One cannot, 
however, say that one lumen is 1/660 watt, at 
ASSS my or at any wavelength or under any 


circumstances.’* The equation 
1 lumen = 1/660 wattsss mp (1) 


is wholly invalid. One could, of course, properly 
write: 
1 lumen=k-1/660 wattss5 mz, (2) 


wherein k might appear to be a constant of 
proportionality like the one in the Fechner’s law 
equation (v.s.), making it quite all right to set 
apples opposite apple-seeds. It will be my con- 
tention that if watts at A555 my are expressed 
as quanta/sec at (4555 mu, the means are at 
hand for the calculation, now, of the value of k 
in Eq. (2) for a standard observer. The quantal 
value thus given to the lumen may not be inde- 
pendent of wavelength, but there will be nothing 
subjective about it. 

When the argument has been read to the end, 
it will be apparent that the photometric system 
is in no sense psychophysical but is ‘‘100 percent 
physical.”” The fact that no one has as yet 
gotten around to the determination of k does not 
mean that in the meantime the lumen is a psycho- 
physical entity—any more than the fact that no 
one has yet touched the moon and found it 
substantial keeps the moon from being a physical 
entity. : 


THE PHYSICS OF SCOTOPIC “LUMINOSITY” 


Almost as familiar as the photopic (and only 
true) luminosity curve is the curve obtained by 
plotting, vs \, the relative reciprocals of threshold 
energies (for minimal brightness) for the com- 
pletely dark-adapted eye. With caution this can 
be spoken of as a “scotopic luminosity curve.” 
It is really a spectral sensitivity curve; and it is 
a rod sensitivity curve since at any wavelength 
to which both respond, the dark-adapted rod is 
more sensitive than the dark-adapted cone, so 
that the cones do not show in the curve at all. 

The initial act in rod vision is the absorption 
of radiant energy in molecules of the photo- 
chemical substance rhodopsin, which thereupon 
in some sense ‘‘break down.”’ Half a century ago, 
it was already known that the rod sensitivity 

3 But people do fall into this trap. One reads such state- 
ments as that: ‘‘---the lumen---is an arbitrary unit of 
power---it---may be converted to absolute units by 
measurement of the energy emitted by the standard 


candle; its value at wavelength 5550A is 0.0016 watts” 
(Davson, see reference 2). 
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curve and the absorption spectrum of rhodopsin 
in vitro were closely similar. It became possible 
to assume that the purely physical properties of 
rhodopsin entirely determine the sensitivity of 
the eye to low level irradiations. Since minimal 
brightnesses are obviously equal brightnesses 
and must be given by equal amounts of effective 
energy, it could be asserted that the rod-mediated 
brightness at any wavelength and at any scotopic 
energy level would be determined by (though not 
rectilinearly related to) the amount of energy 
absorbed in rhodopsin—hence, to the absorp- 
tivity of rhodopsin at that wavelength. 

In 1922, Hecht and Williams made their now 
classic comparison of the absorption spectrum of 
rhodopsin (at a particular concentration) and 
the “‘scotopic visibility curve of the eye,”’ as it 
was then usually called. The curves were super- 
imposable except for a slight lateral displace- 
ment, accounted for by the difference in the 
solvent of the rhodopsin (in the bile-salts ex- 
tracts, as opposed to the protoplasm of the 
living rod). With this perfect agreement, the 
‘photochemical theory of vision’’® was on its way. 

It needs pointing out that the agreement was 
only due to agreement between two enormous 
errors, one pertaining to each curve in its short- 
wave half. The rod sensitivity curve stood in 
need of correction for extinction in the (yellow) 
dioptric media of the eye. The rhodopsin spec- 
trum was obtained by difference, in extracts 
containing not only (yellow) impurities but also 
(yellow) partial breakdown products of rho- 
dopsin. 

In more recent work,® the extractive of the 
rhodopsin has been colorless digitonin, and the 
necessary corrections have been applied to the 
rod sensitivity curve.®:? These included the ex- 
pression of the stimulus intensities in quanta; 
for it had been determined that the quantum 
efficiency of rhodopsin is unity, and it had be- 


, oe and R. E. Williams, J. Gen. Physiol. 5, 1-33 
1 . 

5 T allude here not to the fact that the visual act is based 
upon a photochemical substance, but to the body of theory 
developed largely by Hecht and extending from the regis- 
tration of intensity through intensity discrimination, 
flicker-fusion, resolution acuity, and on into color-visual 
phenomena. This field has now degenerated into a sterile 
game of curve-fitting. 

+ J. A. Dartnall and C. F. Goodeve, Nature 139, 409 
193 

7E, Ludwig and E. F. McCarthy, Arch. of Ophth. 20, 

37-51 (1938). 
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come obvious that any vertebrate visual cell is 
indifferent to the sizes of quanta and to their 
frequency of arrival—that is, the cell responds 
only to the number of quanta usefully absorbed 
within it, and has no means of responding to 
wavelength as such. Hecht® later applied similar 
corrections to his own 1922 data. Much as this 
altered both curves, the new curves were also 
in perfect agreement. The explaining power of 
the rhodopsin absorption spectrum was nowise 
shaken. 

It is, then, completely established that the 
basis of ‘‘scotopic luminosity”’ is purely physical, 
and not even physiological, to say nothing of its 
being psychophysical. If the human retina con- 
tained only rod visual cells, we could have a 
photometric system in which some absolute 
number of quanta, actually absorbed in rho- 
dopsin molecules per second per unit retinal area 
in a specified state of adaptation, would not only 
“afford’”’ one scotolumen but would be one 
scotolumen—making unnecessary any such spe- 
cial name for such a unit. It would only be 
necessary to express extraocular intensities as 
quantum intensities and to know the (purely 
physical!) absorption spectrum of the dioptric 
media plus the rhodopsin layer existing in a 
standard adaptation state, in a standard ob- 
server averaged from—say—50 real observers. 
Thereupon, the quantal density available at the 
cornea, weighted by absorption factors (taking 
the place of the luminosity factors of the existing 
system), would directly quantify any radiation 
as a stimulus to vision, i.e., as light by any 
reasonable definition of the same. This light, 
though ‘‘human”’ and not the same in its relation 
to extraocular energy as a carp’s light or a 
gecko’s light, would nevertheless be just as non- 
subjective as the chemical constitution of human 
rhodopsin itself. 

All this was only made doubly certain by the 
work of Hecht, Shlaer, and Pirenne.? They 
sought a definitive determination of the minimal 
energy required to evoke minimal brightness. 
The threshold value of the distal stimulus (the 


8 Hecht, Shlaer, and Pirenne, J. Opt. Soc. Am. 32, 42-49 
(1942), and J. Gen. Physiol. 25, 819-840 (1942). 
Hecht, Shlaer, and Pirenne, Science 93, 585-587 (1941); 
J. = t. Soc. Am. 32, 42-49 (1942) ; J Gen. Physiol. 25, 
819-840 (1942); and Hecht, Am. Scient. 32, 159- 177 
(194 
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energy arriving at the eye) held no interest in 
itself, but the value of the proximal stimulus 
(energy actually affecting the receptor) was of 
great importance for visual theory. There had 
been a dozen earlier attempts to make this deter- 
mination (and there have been three or four 
since). 

Monochromatic light at 4510 my (the peak 
wavelength of the scotopic sensitivity curve) 
was used. It was supplied to the completely 
dark-adapted retina in the 20° zone known to be 
maximally sensitive, and in as large a spot (10’ 
diam) as can be used to take advantage of the 
lowering of the intensity threshold by increasing 
the retinal area involved. The exposures of the 
test light were made more than short enough 
(0.001 sec) to be within the conditions under 
which the retina obeys the Bunsen-Roscoe law. 

The intensity of the source was raised until 
the observer was seeing 60 percent of the flashes 
in any series. The quantal flux impinging on the 
cornea in the average flash was then calculated 
from thermopile measurements made at the in- 
strumental exit pupil, and was found to range 
from 54 quanta/0.001 sec for the apparently- 
most-sensitive observer to148 for the apparently- 
least-sensitive observer. The losses by reflection 
at the cornea (4 percent) and by extinction in 
the dioptric media (50 percent) were then de- 
ducted. Of the residual quanta, a percentage 
would finally have been absorbed in rhodopsin 
in accordance with the optical density of the 
rhodopsin layer existing in complete dark- 
adaptation. A reasonable value for this density 
was employed (0.2), whereupon it appeared that 
in the various observers only 5 to 14 quanta 
had needed to be usefully absorbed for a flash 
to be seen. 

Hecht et al. now took the view that the 
numbers of quanta in successive flashes would 
actually vary, with a Poisson distribution owing 
to their small magnitudes. They also considered 
that if m is the true proximal threshold number 
of quanta needed to be absorbed for a bare 
sensation, then when the intensity of the source 
was such that 60 percent of the flashes were 
visible, this was because only these particular 
flashes (the ones seen) supplied or more ab- 
sorbable quanta. So they determined each ob- 
server’s psychometric curve in the situation, by 
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the method of constant stimuli. The curve was 
actually a frequency-of-seeing curve, with per- 
centages of flashes seen plotted against average 
quanta per flash. For each observer, the curve 
was found to be identical with some one curve 
in a family of Poisson integrals having various 
values of . This meant that with any intensity 
of the source beyond the shutter, a given ob- 
server always saw any flash that afforded enough 
quanta at the cornea for him to absorb m (or 
more) quanta in rhodopsin molecules. The value 
of n was, respectively, 5, 6, or 7 for the three chief 
observers.!° 

Since there were about 500 rods within the 10’ 
test field on the retina, it appeared that if one 
quantum alters one molecule of rhodopsin in 
each of only five rods (each strangely assumed 
by Hecht to set up an impulse in a different 
optic-nerve fiber), there will be a flash of psycho- 
logical light. Hecht thought that the system 
might as well have been made responsive to 
only one quantum absorbed in one rod, but that 
in order to avoid having the noise of the lower 
system intrude into consciousness, some neural 
threshold in the higher parts of the system was 
deliberately set at five impulses (/0.001 sec). 

In the work of van der Velden, repeated and 
greatly extended with and independently by 
Bouman," it has been found that Hecht’s values 
are much too high. At threshold, only two quanta 
(with no individual variation!) need be usefully 
absorbed—in two different rods, or respectively 
in a rod and a nearby cone, or both in the same 
foveal cone. Van der Velden and Bouman have 
embraced the energetics of liminal cone vision 


10 The observer who needed to absorb seven quanta 
usefully was not the one who had needed 148. quanta at the 
cornea for 60 percent seeing. That high need was due only 
to unusual losses in the media. If Hecht had used the 
method of constant stimuli from the outset, he might have 
realized that he did not need to try to evaluate the losses 
at all. Without knowledge of Hecht’s work, H. A. van der 
Velden [Physica 11, 179-189 (1944) ] discovered this in his 
own program, which in a sense was carried out backwards as 
compared with Hecht’s: van der Velden determined n 
from the psychometric curve and the Poisson integrals 
(and also by two other completely independent methods), 
and only then looked at the absolute quantal fluxes at the 
cornea to see what the losses must have been. He felt no 
need of knowing these losses, whereas Hecht supposed he 
had to know them in order to determine 7. 

11H, A. van der Velden, Physica 11, 179-189 (1944); 
Ophthalmologica 111, 321-331 (1946). M. A. Bouman and 
H. A. van der Velden, J. Opt. Soc. Am. 37, 908-919 (1947) 
38, 231-237; 570-581 (1948). Bouman, Doc. Ophth. 4, 23- 
115 (1950). ‘ 
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as well as rod vision and find no difference in 
their essential laws. 

It is not at all necessary to debate here whether 
Hecht’s, or van der Velden and Bouman’s, or 
still some other post-Hecht figures" are the most 
reliable. The point is that it is possible to put 
minimal sensation on a basis of a particular 
absolute number of quanta-usefully-absorbed. 
Can it be doubted that for a standard observer 
in any desirable standard state of adaptation,” 
it is just as possible to determine the absolute 
number of quanta, per time and per retinal 
area, that afford the brightness-level corre- 
sponding to that adaptation state? Nor would 
this be an attempted psychophysical deter- 
mination at all, for it would be quite unnecessary 
to know (i.e., assign a number to) that brightness. 


THE PHYSICS OF PHOTOPIC LUMINOSITY 


The photometrist cares not at all about the 
psychophysical relation of minimal brightness to 
energy in scotopic (or photopic) vision. He wants 
to be able to say how much “‘light’’ someone is 
giving or receiving for a dollar’s worth of emitted 
radiant power, in the photopic conditions under 
which most practical work is done by humans. 
In every photometric system ever used or sug- 
gested, the primary source for the primary unit 
has always been an indivisible photopic source— 
a standard spermaceti candle, a Hefner lamp, the 
dazzlingly intense Violle standard, or the like. No 
one would base a photometric system upon the 
output of a glowworm, even if this happened to 
be the most constant and perfectly reproducible 
thing in the world. Curiously, however, the 
adaptation state of the observer has never been 
a part of the specification of a prime photometric 
unit, although ‘‘one candlepower”’ was originally 
defined as the brightness of the flame of a stand- 


12 See M. H. Pirenne and E. J. Denton, J. Opt. Soc. Am. 
41, 426-427 (1951). 

13 “Standard” cannot be too strongly emphasized here. 
All objections on the grounds of individual variation, the 
momentary physiological and psychological states of the 
observer, etc., become completely irrelevant. They did also, 
in the determination of the present international standard 
luminosity curve. It has been repeatedly shown by physi- 
ologists that that curve is seriously erroneous from their 
point of view (see G. Wald, Science 101, 653-658, 1945). 
And it embodies completely arbitrary alterations of the 
experimental data upon which it was based. These facts 
in no way affect the workability of the photometric system. 
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ard candle viewed horizontally.“ An observer 
can readily experience, from a photopic stimulus, 
the brightness appropriate to a scotopic one—if 
he is adapted to an even higher photopic level. 
But it can be presumed that the standard ob- 
server in any system was tacitly assumed to be 
adapted to the prime source, at least in any sys- 
tem devised after it had been first noticed that 
brightness alters with adaptation even when 
radiant flux is constant. 

If the photometric system were to be revamped 
by a determination of the absolute quantal value 
of one “receptor lumen,” the adaptation of the 
standard observer would have to be—at last— 
standardized. It need not be objected that the 
adaptation could not be to a particular photo- 
metric level in advance of the determination of 
the energy value of the prime photometric unit; 
for the adapting stimulus could be specified in 
completely physical terms, and indeed should be. 
Eventually, ideally, the state of adaptation would 
be specified as a particular concentration of cone- 
photochemical, for (ceteris paribus) that is what 
‘photopic adaptation state’’ means. This would 
forestall any objection that the brightness of an 
adapting stimulus would begin at once to change 
for an observer not already adapted to an 
equivalent stimulus.'® 

If now the losses in the experimental and 
standard observer’s eye ahead of the receptors 
were needed to be known, they would be ex- 
tractible from just such work as was done by 
Hecht et al., van der Velden, and Bouman. It 
would only remain to determine the A555 mu- 
absorptivity of the photochemical layer existing 
in the standard adaptation state. At this moment, 
there are no theoretical obstacles to this purely 
physical determination. It would then be pos- 

14 Whereupon a two-candlepower source should have had 
to be one affording twice that brightness. Instead, it was 
considered to be a source emitting twice the radiant flux 
of the standard candle (with the same spectral distribu- 
tion), or any source affording a brightness match for the 
constructive sum of two candles, or for one candle when 
the ‘‘two-candlepower”’ source was 2% as far from the viewed 
surface. The old-time photometrists of course thought that 
they were measuring brightness. If they had believed other- 


wise, they would have considered that they were wasting 
their time. 


15 Tt is curious, but in a way fortunate, that among those 
who have ever been concerned in the development of 
photometric systems, there has apparently never been a 
single soul who happened to know that fully adapted 
brightness is a constant, over an enormous intensity range— 
from 5 ft-c to (some say) as much as 30,000 ft-c. 
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sible to correct the photopic luminosity curve to 
a true picture of cone utilization of quantal 
intensities. 

It is not even necessary to settle the currently 
burning question of whether the photopic lu- 
minosity curve is essentially the absorption spec- 
trum of a single and separate type of ‘‘bright- 
ness’”’ receptor, or is synthesized from the 
properties of two, or of three, receptor types 
which differ in order to comprise the retinal 
portion of a color-vision system. The curve is 
completely stable everywhere in the Fechner 
range of intensities, which, as has been pointed 
out lately,'® means that even if several photo- 
chemical substances are involved, they have 
parallel kinetics. Color itself cancels out of the 
situation, for if ‘equality of brightness” (even 
heterochromatic) means anything, it means equal- 
ity in underlying quantitative physiological sub- 
strates, which will trace back to equality in 
numbers of usefully absorbed quanta.!”7 When an 
observer creates a brightness match, he is a null 
instrument in which a physical equation is estab- 
lished in respect of a psychological parameter, 
and all ‘‘subjectivity’’ vanishes from the situa- 
tion so long as we gracefully refrain from trying 
to quantify that parameter itself. 

It should now be clear that when one watt of 
radiant flux impinges upon the cornea of the 
standardly adapted standard observer, under 
optical conditions that image a standard field 
upon the retina with the pupil not limiting upon 
retinal irradiance, some fraction of that one watt 
(at present unknown, but not at all unknowable) 
is usefully absorbed in cone photochemical mole- 


16 G, Wald, Doc. Ophth. 3, 94-134 (1949). 

17 Provided that, for each color receptor type, the con- 
tribution made to total brightness bears the same relation 
to the number of quanta absorbed in the receptor. Almost 
certainly it does not; but the differences are entirely 
objective. 
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cules. If the radiation is monochromatic at the 
wavelength to which the photopic eye-as-a-whole 
is most sensitive (555 my), then the number of 
quanta/sec corresponding to one watt is cal- 
culable. The common fraction (it seems silly to 
use decimals, with quanta) of this number 
which is usefully absorbed is determinable. Since 
it is unknown, let us call it 1/u. Since we know 
that one watt at \555 mu affords 660 lumens, we 
can write 


quanta/sec in 1 watt at 555 my 


wo 
660 
=1lumen. (3) 


There is no constant here which is not a com- 
pletely physical value. The expression is there- 
fore a completely physical description of ‘‘one 
lumen.”’ It will reduce to some absolute number 
of usefully absorbed quanta. If only one photo- 
chemical substance (‘‘iodopsin?’’) is involved, in 
a single type of receptor, then no matter what its 
quantum efficiency may be, there will be no 
change of anything (brightness included) no 
matter how the spectral distribution of the 
quanta may be changed. That is, if @ quanta 
(usefully absorbed) equal one lumen at A555 my, 
then @ quanta equal one lumen at any other 
wavelength or combination of wavelengths. Only 
quantitative and objective complications are in- 
troduced if several photochemically different 
receptor types contribute to brightness, each 
according to a unique curve of brightness vs 
quanta absorbed. 

Let this discussion not be mistaken for a pro- 
posal of a utopian photometric system. Its 
modest aim is only to point to this one conclu- 
sion: If lumens can be equated .to absolute 
numbers of quanta, the concept of “luminosity”’ 
evaporates, and there is nothing psycho-physical 
about even the existing photometric system. 


Mathematical physics contains such an immense superstructure of theory that its basis in observa- 
tion tends to be obscured. It is, however, an empirical study, and its empirical character appears 
most unequivocally where the physical constants are concerned.—BERTRAND RUSSELL, Human 


Knowledge, 1948. 
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The advantages in the use of separated isotopes in atomic spectroscopy for the determination 
of nuclear moments J, », Q, and for studies of the isotope-shift phenomena are discussed. II- 
lustrations of spectra are given for mercury, uranium, and samarium. In addition, a summary 


is given of twenty-two so-called problem nuclei, i.e. 


, those naturally occurring isotopes for 


which the nuclear moments are completely uncertain. Concluding remarks are made on such 
problems as the evaluation of the absolute magnitude of isotope shifts, the role of “forbidden 


transitions” 
techniques. 


HE availability of both separated stable 
isotopes and radioactive isotopes! has made 
it possible to attack new and extremely important 
problems. Some of these problems pertain to the 
mechanical, electrical, and magnetic moments of 
individual nuclides and the phenomenon of iso- 
tope shift in spectrum lines. Our knowledge of 
these properties has been improved considerably 
through the use of enriched isotopes. 

Although our understanding of the electron 
shell structure of the atom is fairly well estab- 
lished, we are only beginning to understand the 
structure within the nucleus. Recent contribu- 
tions of Mayer,? Nordheim,’ Feenberg and 
Hammack,‘ and Haxel, Jensen, and Suess,® are 


TaBLE I. Comparison of methods for study of 
nuclear properties. 


Number of Number of 
elements studied isotopes studied 
Method (accuracy) Q I “ Q 





Nuclear induction (6) 2 0 3 30 0 
Microwave (2) 7 23 2 
Molecular beam (3) 6 19 31 20 
Spectroscopy (2) a 16 76 53 22 





@ Indirectly. 


* Presented, in part, at the Symposium on Stable Iso- 

topes, American Physical Society Meeting, Washington, 
D. C., April 27, 1951. 

Oa This paper is based in part on work performed for the 
AEC by Carbide and Carbon Chemicals Company, a 
Division of Union Carbide and Carbon Corporation, at 
the Oak Ridge National Laboratory. 

1See, for example, Isotopes ge prepared by the 
AEC) Isotopes Division, Oak Ridge, Tennessee (1949). 
Also, — Y-790, Oak Ridge National Laboratory, 
(1951). 

2M. G. Mayer, Phys. Rev. 75, 1969 (1949). 

3L. W. Nordheim, Phys. Rev. 75, 1894 (1949). 

4E. Feenberg and K. C. Hammack, Phys. Rev. 75, 
1877 (1949). 

5 Haxel, Jensen, and Suess, Phys. Rev. 75, 1766 (1949). 


in isotope spectra, and the potential future value of spectro-isotopic assay 


well-considered attempts to interpret the magic 
nucleon numbers found in the various isotopes 
in terms of shell structures. Also, Gordy,* and 
Townes, Foley, and Low’ have emphasized the 
close correlation existing between nuclear charge 
asymmetry, as measured by the quadrupole 
moment, and the expected closing of shells at 
these magic numbers. However, knowledge of 
nuclear spins, magnetic moments, and quadru- 
pole moments for many more isotopes is neces- 
sary to any complete study of this shell structure. 

This paper is concerned primarily with those 
contributions to nuclear physics which atomic 
spectroscopy is making from studies of pure iso- 
topes, particularly the separated stable isotopes. 
To date the nuclear spins of 75 stable isotopes 
have been determined by methods of optical 
spectroscopy; in addition, nuclear magnetic mo- 
ments and nuclear quadrupole moments have 
been evaluated for many of these isotopes. How- 
ever, a consideration of the over-all problem 
shows that there are at least 285 naturally occur- 
ring nuclei® and more than 400 radioactive nuclei. 
Of these we know some nuclear properties for 
only 119 cases. This indicates that spectroscopic 
research with pure isotopes is still an extremely 
fertile field of study. 


NUCLEAR MOMENTS 


Our macroscopic conception of the nucleus is a 
tightly bound spatial distribution of nucleons 
approximating an ellipsoid. We attribute to this 
nucleus a mechanical property of spin associated 
~ 6 W. Gordy, Phys. Rev. 76, 139 (1949). 

7 Townes, Foley, and Low, Phys. Rev. 76, 1415 (1949). 


s Including the naturally occurring radioactive isotopes 
K 40, Sm 147, Lu 176, Th 232, U 234, U 235, U 238. 
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with the net nuclear rotation about the axis of 
symmetry; an electrical property of quadrupole 
moment due to the asymmetrical charge dis- 
tribution; and a magnetic property of nuclear 
magnetic moment due to the net nuclear charge 
motion, both orbital and spin. 

The three nuclear moments, spin moment /, 
magnetic moment yp, and quadrupole moment Q 
may be studied by many techniques. Table | 
compares the most important methods of study 
of these nuclear properties. Of the 285 naturally 
occurring isotopes, 113 are of the noneven-even 
type. The other 172 isotopes appear to have a 
closed shell or subshell type of nuclear structure 
with a net nuclear spin of zero. 

Table I also gives, in parentheses, the number 
of significant figures in which the final data are 
generally expressed. Although the experimental 
data of atomic spectroscopy may be obtained to 
three or four significant figures, the conversion 
of these data to their nuclear counterparts in- 


TABLE II. Isotopic purity of electromagnetically 
concentrated Hg 202. 


Sample 196 198 199 200 201 202 204 
Natural Hg 0.15 10.1 17.0 23.3 13.2 29.6 6.7 
Hg 202 <0.01 0.12 0.17 0.47 0.36 98.3 0.56 


troduces large theoretical uncertainties which 
reduce the number of significant figures to about 
two. However, Table | shows that methods of 
detection other than those of atomic spectroscopy 
are not universally more sensitive or more ap- 
plicable to the evaluation of these nuclear prop- 
erties. In many instances, radiofrequency spec- 
troscopy methods prove of unusual worth, giving 
accuracy well beyond the hopes of the optical 
spectroscopist. Each electromagnetic technique 
can contribute in its own way to the data of 
nuclear structure. 


HYPERFINE SPECTROSCOPY WITH 
ENHANCED ISOTOPES 


Nuclei possessing nuclear moments J, yw, and 
Q show a complex hyperfine structure. As an 
example, let us consider the splitting of a U 235 
atomic energy level. On the left in Fig. 1 is shown 
a degenerate level of /=11/2 as might be deter- 
mined using coarse spectroscopic techniques. If 
this nucleus were to have a mechanical spin 
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Fic. 1. Transition diagram indicating hyperfine splitting 
of an atomic energy level. At the left is shown the degener- 
ate J=11/2 level, in the middle the magnetic splitting, 
and at the right the quadrupole splitting. 


I=5/2 the level splits into a total of (27+1), or 
6 hyperfine levels, the separations of which are 
proportional to the nuclear magnetic moment uz. 
The perturbation of level positions from the 
regular or Landé splitting is a measure of the 
nuclear charge asymmetry. Casimir® obtained an 
expression for the hyperfine energy which in- 
cludes this perturbing term: 


- B 3C(C+1) —47J(I1+1)(J+1) 


IJ(2I—1)(2J—1) 


where C= F(F+1)—J(I[+1)—J(J+1), and A 
and B are proportional to the magnetic moment 
and the quadrupole moment, respectively. The 
actual splitting of the U 235 level, f*ds(*L5), is 
characterized by the structure pattern about one- 
third of the way toward the extreme quadrupole 
case (A/B0.16), thus indicating an important 
quadrupole perturbation in U 235.!° Such study 
was made possible only with enhancement of 
this isotope of uranium. 

The tremendous advantages that can be gained 
through the use of pure isotopes are, extremely 
important to spectroscopists. Let us consider 
the isotopic enhancement of the 202 isotope of 
mercury (see Table II). Here, the Hg 202 con- 
tent has been enhanced from 29.6 percent to 
98.3 percent, a gain of more than threefold; 
meanwhile, the impurity isotopes have been re- 
duced from a total of 70.4 percent to less than 
two percent, a gain in purity of more than forty. 
The net result is an improvement in spectrum 
purity by a factor of more than 130. Spectra 

®H. Casimir, Physica 2, 719 (1935). 


10G. L. Stukenbroeker and J. R. McNally, Jr., J. Opt. 
Soc. Am. 40, 336 (1950). 
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Fic. 2. Comparison of Fabry-Perot interferograms of 
Hg 5461 spectrum line in natural Hg and in enhanced 
Hg 202 at etalon spacing of 5 mm. Structure in natural 
mercury due to hyperfine splitting of odd-mass isotopes 
Hg 199 and Hg 201. 


obtained by Griffin" illustrate this in Figs. 2 and 
3. Figure 2 compares the interferometer pattern 
of natural mercury with that of Hg 202 as ob- 
tained with a 10-mm path difference. The widely 
split hyperfine structures of the Hg 199 and 
Hg 201 give rise to the weak line structure while 
the even-mass mercury isotopes contribute prin- 
cipally to line broadening of the intense com- 
ponents. If, instead of the 10-mm path difference, 
one uses a 70-mm path difference in the Fabry- 
Perot interferometer, the individual isotope lines 
due to the even-mass components become re- 
solved while the pure Hg 202 isotope pattern 
still shows no structure (Fig. 3), although the 
spectrum resolution exceeds 1,000,000. Theo- 
retical considerations indicate that the wave- 
length of this Hg 202 green line should be con- 
stant to more than one part in fifty million." In 


1 P, M. Griffin, unpublished material, Oak Ridge Na- 
tional Laboratory, (1949); J. R. McNally, Jr., P. M. 
Griffin, and L. E. Burkhart, J. Opt. Soc. Am. 39, 1036 
(1949)! 
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other work on mercury, Sterner” studied the 
hyperfine patterns of the odd-mass isotopes using 
enhanced Hg 199 and Hg 201, while numerous 
reports have appeared on the Hg 198 isotope as 
a source material for a new primary standard of 
length. 

The availability of separated stable isotopes 
has permitted spectroscopists to make important 
steps in the unravelling of the properties of 
numerous atomic nuclei. For example, studies on 
the separated odd-mass isotopes of tellurium and 
tungsten by Ross, Vreeland, and Murakawa"™ 
furnished additional nuclear data for these iso- 
topes. Their measured magnetic moment of 
W 183 is the smallest known. Earlier work by 
Fowles'® at Berkeley using similar enhanced iso- 
tope samples of these elements supports the re- 
sults of the Wisconsin group. 

Other recent hyperfine studies have been made 
on the separated isotopes of Kr 83, Xe 129, 
Xe 131, and Ne 21 spectra by Koch and Ras- 
mussen,'® and on those of Nd 143, Nd 145, 


Fic. 3. Comparison of Fabry-Perot interferograms of 
Hg 5461 spectrum line in natural mercury and in enhanced 
Hg 202 for 35-mm spacer. Structure in natural mercury 
due primarily to isotope splitting of even-mass isotopes. 


12]. Sterner, Ph.D. Thesis, Massachusetts Institute of 
Technology, Cambridge, Massachusetts (1951). 

13 See, for example, W. F. Meggers and K. G. Kessler, 
J. Opt. Soc. Am. 40, 737 (1950). 

4 J. S. Ross and K. Murakawa, Phys. Rev. 83, 229 
(1951); J. A. Vreeland and K. Murakawa, Phys. Rev. 83, 
229 (1951). 

15 G, R. Fowles, Phys. Rev. 78, 744 (1950). 

16J. Koch and E. Rasmussen, Phys. Rev. 76, 1417 
(1949); Phys. Rev. 77, 722 (1950). 
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Sm 147, and Sm 149 by Murakawa and Ross.!” 
The latter obtained new nuclear spin values for 
samarium and the first measurements of mag- 
netic moments for all four rare earth isotopes. 


SPECTROSCOPY AND NUCLEAR SHELLS 


Nothing is known about the nuclear moments 
of odd neutron type nuclei having N=21 to 
N=35 neutrons. However, pure isotopes of ti- 
tanium (N=25, 27), chromium (N=29), iron 
(N=31), and nickel (N=33) are now being 
studied in various laboratories. Preliminary re- 
sults indicate very small hyperfine structures for 
iron and nickel—so small that in all probability 
they could never be evaluated spectroscopically 
except for isotopic enhancement. Interference 
spectrograms of the Ni 61 calutron-enhanced 
material have been obtained'* and reveal that 
the nuclear magnetic moment is of the order of 
0.25 nuclear magneton. The only odd-mass iso- 
tope of iron, Fe 57, has been studied in enriched 
samples at Berkeley’® and at the Massachusetts 
Institute of Technology.” Both investigations 
show that the Fe 57 structure is extremely small. 
It is possible that study of the spectra of ionized 
nickel and iron, for which the hfs should be larger, 
may resolve the structure sufficiently so that 
both spin and magnetic moment can be evaluated. 

Spectroscopic studies of the radioisotope 
431. c®® by Kessler and Meggers*! show the nuclear 
mechanical moment to be 9/2 for the 43rd pro- 
ton, agreeing with the go2 protonic shell pre- 
dicted by most of the nuclear shell structure 
theories. The analogous go;2 shell of neutrons 
would be expected in 3,Se77. A spin of 9/2 for 
43 neutrons is suggested by the evidence for 
nuclei containing 41 neutrons (3.Ge™), 47 neu- 
trons (ssKr**), and 49 neutrons (3sSr87), all of 
which have nuclear spins of 9/2. However, 3,Se”” 
has been particularly difficult to study because 
of its small hyperfine structure and the low 
natural abundance of this isotope. The natural 
abundance of only 7.6 percent has now been in- 
creased to more than 90 percent in calutron- 


( 1 7 Murakawa and J. A. Ross, private communication 
1951). 
18 K. G. Kessler, Phys. Rev. 79, 167 (1950). 
, 19M. Gurevitch and J. G. Teasdale, Phys. Rev. 76, 151 
1949), 
20 J. Brossel, Phys. Rev. 76, 858 (1949). 


21K. G. Kessler and W. F. Meggers, Phys. Rev. 80, 
905 (1950). 


ISOTOPES AND ATOMIC SPECTROSCOPY 


155 


enriched samples. Spectroscopic studies by Mack 
and Arroe” at Wisconsin indicated the nuclear 
spin of Se 77 to be 7/2+1, whereas Jenkins® at 
Berkeley believes the spin to be definitely 3. 

It is quite possible that the neutron series 41 
to 49 may be completed (see Table III) since at 
least one radioelement, namely, 3Se7*, has a 
reasonable half-life (65,000 years). The shell 
theory predicts the filling of a 5g9/2 neutron sub- 
shell with competition afforded by the 2p; 
subshell. 

The analogous proton series shows 45 protons 
(rhodium) have a spin of 3 and 47 protons (both 
silver isotopes) also give a spin of 4; yet 41, 43, 
and 49 protons give large hyperfine structure 
patterns of unmistakable spin 9/2. The slightly 
greater binding of the 9/2 orbit in the proton 
series, if real, may be due to a charge density 


dilution produced by the preponderance of 
neutrons. 


TABLE III. Nuclear spins for odd nucleon. 





Numbers 41 to 49 


Number nucleons Spin (odd proton) Spin (odd neutron) 


9/2 


1/2 (7/241) 


9/2 
9/2 


The effects of a spatial distribution of the 
nuclear charge and of the nuclear magnetic 
moment have been discussed by Kelly, Rich- 
mond, and Crawford®® for the heavy nucleus 
ssBi?°*, For an s electron they found the correc- 
tion to the nuclear magnetic moment due to the 
finite size of this nucleus to be 16 percent while 
a correction for the spatial distribution of the 
nuclear moment amounted to 2 percent. In con- 
trast, the »; electron, because of its weaker 
interaction, required corrections of only 6 per- 
cent and 0.7 percent, respectively. Satisfactory 
agreement between theory and experiment was 
obtained by assuming only electrical forces be- 
tween the penetrating electrons and the nucleons 
and choosing a uniform positive charge dis- 


2 J. E. Mack and O. H. Arroe, Phys. Rev. 76, 173 
(1949) ; and unpublished work. 

%F, A. Jenkins (private communication, 1951). 

* Parker, Creek, Hebert, Lantz, and Martin, Report 
ORNL-499, Oak Ridge National Laboratory (1949). 

23F, M. Kelly, R. Richmond, and M. F. Crawford, 
Phys. Rev. 80, 295 (1950). 
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tribution rather than a surface concentration of 
charge. 

Arroe”® studied the enhanced isotopes Mo 95, 
Mo 97, and with J. E. Mack,?’ Zr 91. The spins 
of all three were found to be 5/2 indicating the 
filling in of a 5/2 neutronic shell in molybdenum 
after the magic number 50, i.e., for 53, 55, and 
51 neutrons, respectively. Here, the Mayer shell 
model predicts a possible competition between 
a g7/2 neutron and a ds5;2 neutron. These enhanced 
isotopes of molybdenum made it possible to 
correct the spin value previously reported by 
Grace and More*® as being probably 3 


NUCLEAR MASS EFFECTS 


Isotope spectrum displacements or shifts in 
the line spectra of isotopes frequently confuse 
the reduction of hyperfine data. For this very 


Fic. 4. Isotope spectrum shift in enhanced Li 6 and Li 7. 
The fine structure splitting of Li 6707A resonance doublet 
is identical to the isotope displacement of 0.160A. Top 
spectrum: Li 7; middle: ti 6 and Li 7; bottom: Li 6. 


260. H. Arroe, unpublished work and Phys. Rev. 79, 
212A (1950). 


270. H. Arroe and J. E. Mack, Phys. Rev. 76, 873 (1949). 
28. N.S. Grace and K. R. More, Phys. Rev. 45, 166 (1934). 


McNALLY, 


pm. 


reason it is important to have pure isotopes for 
careful hyperfine structure work. It is a real 
tribute to such people as Schuler, Tolansky, and 
others that our present knowledge of complex 
spectra, such as mercury, for which there are six 
important isotopes in natural material, has 
changed but little since their original work. This 
may be attributed in part to the fact that the 
largest isotope displacements in mercury are 
associated with s? optical configurations, whereas 
the largest hyperfine displacements are associ- 
ated with the unbalanced s electron. In addition, 
mercury spectra contain perhaps the sharpest 
spectrum lines available in laboratory sources, 
as has been pointed out by Meggers.?° 

The earliest reference to isotope spectrum 
shifts is probably that of Russell and Rossi*®® in 
1912. However, no measured differences were 


reported until Aronberg,*#! in 1918, finally de- 
tected an isotope shift of only 4.3 milliangstroms 
in comparison spectra of ordinary lead and radio- 
genic lead. Since 1918 numerous isotopic dis- 
placements have been reported. The detection 
of an isotope shift in hydrogen, the simplest of 
all atoms, was reported in 1932 by Urey, Brick- 


wedde, and Murphy® following enhancement of 
the deuterium content. 

The observed isotope displacements can be 
roughly classified as either (1) an isotope effect 
due to the motion of the nucleus, or (2) an iso- 
tope effect due to the size of the nucleus. Nuclear 
motion effects are found only in the light ele- 
ments. In hydrogen the shift is the simple re- 
duced mass correction predicted by the theory 
of Niels Bohr. In addition to this normal Bohr 
effect, Hughes and Eckart** found another effect 
in the light elements beyond hydrogen. This so- 
called specific effect has since been detected in 
a large number of atoms including helium,* 
lithium,*® boron,®* nitrogen,*’ chlorine,** neon,°° 

29W. F. Meggers, J. Opt. Soc. Am. 41, 143 (1951). 


30 Russell and Rossi, Proc. Roy. Soc. (London) 87, 478 
(1912). 

31 Aronberg, Astrophys. J. 47, 96 (1918). 
( 32 Urey, Brickwedde, and Murphy, Phys. Rev. 40, 1 
1932). 

33 D. S. Hughes and C. Eckart, Phys. Rev. 36, 694 (1930). 

34Fred, Tomkins, and Brody, Phys. Rev. 75, 1772 
(1949); Fred, Tomkins, Brody, and Hamermesh, Phys. 
Rev. 82, 406 (1951). 

35 D. S. Hughes, Phys. Rev. 38, 857 _—* 

“+ P. Vinti, Phys. Rev. 58, 879 (1940). 

RR. Holmes, Phys. Rev. 63, 41 (1943) ; 73, 539 (1948). 
38S. Tolansky, x Physik 79, 470 (1931). 
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and magnesium.‘® It is possible that nuclear 
motion effects in the light elements are further 
complicated by the centering of the penetrating 
electron on the center of nuclear charge rather 
than on the center of nuclear mass. This is espe- 
cially important in the isotopes of hydrogen and 
has been thought by Aage Bohr*! to be the cause 
of the anomalous nuclear magnetic moments for 
deuterium and tritium. 

Spectra of separated isotopes of lithium have 
been photographed at the Oak Ridge National 
Laboratory and show conclusively an isotope 
displacement identical with that of the doublet 
fine structure (see Fig. 4). Also, isotope shifts 
for carbon have been reported by Holmes* and 
Burnett.“ They found the specific mass shift to 
be more than twice as large as the mass defect, 
or normal, shift and in the opposite direction. 





ISOTOPE SHIFTS IN THE HEAVY ELEMENTS 






The isotope displacement effect in the spectra 
of the heavy elements is believed to be due to a 
penetration of the optical electron into the non- 
Coulomb force region at the nucleus and is re- 
ferred to as a ‘“‘volume”’ effect. Thus, a strongly 
penetrating electron experiences different de- 
partures from the inverse-square law of electro- 
static attraction for each isotope. The theory of 
this effect has been considered by Rosenthal 
and Breit,*® Crawford and Schawlow,*® and 
others. There are numerous considerations in- 
volved in the theoretical approach: for example, 
the validity of perturbation methods in the re- 
gion of the nucleus, the assumed distribution of 
the smeared protonic charge, and the screening 
effects of inner completed electron shells on the 
penetrating electron. 

Isotope displacements in the heavy elements 
were studied in the thallium spectra by Schuler 
and Keyston in 1931.47 They observed that the 












39 J. H. Bartlett, Jr. and J. J. Gibbons, Jr., Phys. Rev. 
44, 538 (1933); K. Murakawa and S. Suwa, Phys. Rev. 
74, 1535L (1948). 

40 J. P. Vinti, Phys. Rev. 56, 1120 (1939); L. G. Mundie 
and K. W. Meissner, Phys. Rev. 65, 265 (1944). 

41 A, Bohr, Phys. Rev. 73, 1109 (1948). 

4 PD. D. Smith, unpublished material (1951). 

48 J. R. Holmes, Phys. Rev. 77, 745 (1950). 

4 C. R. Burnett, Phys. Rev. 80, 494 (1950). 

’ 46 J; E. Rosenthal and G. Breit, Phys. Rev. 41, 459 
1932). 

46 M. F. Crawford and A. L. Schawlow, Phys. Rev. 76, 
1310 (1949). 
47H. Schuler and J. E. Keyston, Z. Physik 70, 1 (1931). 
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Fic. 5. Isotope 
shift in 4244A ura- 
nium line. Top spec- 
trum, U 238; next, 
mixture of U 235 
and U 238; next, 
U 235; next, mix- 
ture of U 233 and 
U 235; next, U 233; 
bottom spectrum, 
mixture of U 233 
and U 238. 


centers of gravity of the respective hyperfine 
patterns for thallium 203 and 205 did not co- 
incide. Since that time numerous isotope shifts 


in the spectra of heavy elements have been 
observed. 


Large isotope shifts in uranium were first ob- 
served in 1944 by D. D. Smith and D. R. Long 
at Oak Ridge when material enhanced in the 
U 235 isotope was being spectrochemically 
analyzed against standards prepared from nor- 
mal material. A correlation of these shifts with 
the responsible electron configurations and the 
use of these shifts as a measure of the electron 
penetration was reported in 1949.48 The tre- 
mendous potentiality of performing isotopic 
assay of uranium by means of its isotope dis- 
placements was recognized by workers at Oak 
Ridge. Figure 5, taken from a paper by Burk- 


48 J. R. McNally, Jr., J. Opt. Soc. Am. 39, 271 (1949). 











158 hi Re 


235 234 


| 


ee ee ee 
30 


236 233 


Fic. 6. Relative positions of uranium isotope lines 
illustrating odd-even staggering. 
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hart, Stukenbroeker, and Adams,‘® illustrates 
the large characteristic isotope shifts in the 
4244A uranium line from which they reported 
an analysis accuracy of the order of a few pecent 
of the actual isotope concentrations. 

The Schmidt model of the nucleus®® accounts 
for nuclear magnetic moments in terms of a 
single nucleon added to a core. This picture 
gives an even-mass type nucleus a tight core 
characterized by Z and A, while the (A+1) 
odd-mass isotope is pictured as a core plus a 
single particle and the (A+2) even mass isotope 
reverts to a tightly packed core. This structure 
results in an irregular swelling of the positive 
charge distribution as neutrons are added. It 
might be expected to give rise to anomalous iso- 
topic shifts for the case of the more expanded 
charge distribution, thus possibly accounting for 
the odd-even staggering of isotope shifts of spec- 
trum lines. Fierz,5! Kopfermann and Brix,” and 
Breit®* have discussed this anomaly in isotope 
spectra. Polarization effects have been treated 
by Breit, Arfken, and Clendenin.* 

Odd-even staggering of isotope lines is well 
illustrated by the 4244A line structure of ura- 
nium®> as shown in Fig. 6. The approximate 
constancy of shift between masses differing by 
two units is apparent. The U 238 to U 234 shift 
is almost exactly double the U 235 to U 233 
shift despite the relative displacement of the 
odd-mass spectra as a whole with respect to the 
even-mass spectra. It is to be expected that 
anomalies may occur if the nuclear volume under- 

49 Burkhart, Stukenbroeker, and Adams, Phys. Rev. 75, 
83 (1949). 

50 T, Schmidt, Z. Physik 106, 358 (1937). 

51M. Fierz, Gottingen Nach. 3, 1 (1947). 

8 P, Brix and H. Kopfermann, Géttingen Nach. 2, 31 
One Breit, Phys. Rev. 78, 470 (1950) ; 79, 891 (1950). 
asso Arfken, and Clendenin, Phys. Rev. 78, 390 


55 Smith, Stukenbroeker, and McNally, Jr., Phys. Rev. 
84, 383 (1951). 
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goes rather radical changes in the proton dis- 
tribution. Such anomalies have been found at 
the magic number of 90 neutrons.*® 

Isotopes of the rare earth elements cerium, 
neodymium, and samarium have been enhanced 
in the electromagnetic separators at Oak Ridge.*’ 
As shown in Table IV the extreme mass isotopes 
of samarium have been enhanced to 72 percent 
in the case of Sm 144 as compared to 3.16 
percent natural abundance and to 92 percent 
as against 22 percent for samarium 154. Isotope 
shifts corresponding to ten mass units®® are 
shown in Fig. 7. The magnitude of the shift gives 
a strong indication of the kind of electron con- 
figurations involved in the transition and hence 
constitute an aid to the classification of spectrum 
lines. 

Separated isotopes of barium have been used 
by Arroe®® to study hyperfine structures of 
Ba 135 and Ba 137 as well as the isotope shifts 
of all five barium isotopes. His liquid air-cooled 
hollow cathode source gave a resolution limit of 
the order of 0.02 cm and actual isotope: dis- 
placements were measured to 1 milli-wave- 
number or one twenty-millionth of the radiated 
frequency. This accuracy would have been im- 
possible without isotope enhancement. 


CONCLUSIONS 


What, then, is the status of our knowledge of 
the nuclear moments for the stable isotopes? At 
the present time there are fifteen stable nuclei 
of the odd neutron type and two of the odd 
proton-odd neutron type for which there is a 
complete lack of information on nuclear spin 
moments alone. In addition, there are five more 
nuclei for which only uncertain spin information 


TaBLeE IV. Isotopic constitution of enhanced 
samarium samples. 





Isotopic concentration 


Sample 144 147 148 149 150 152 154 
Sm 144 72.13 7.69 4.40 4.41 1.94 5.52 3.91 
Sm 154 0.03 0.36 0.36 1.70 1.20 4.25 92.10 
Natural Sm 3.16 15.07 11.27 13.84 7.47 26.63 22.53 


.56P, Brix and H. Frank, Z. Physik 127, 289 (1950); 
H. Schuler and T. Schmidt, Z. Physik 92, 148 (1934). 
57L. O. Love and W. A. Bell, unpublished material, 
Oak Ridge National Lohans (1951). 
58 D. D. Smith and J. R. McNally, fr unpublished ma- 
terial and J. Opt. Soc. Am. 40, 873 (1950). 
590. H. Arroe, Phys. Rev. 79, 836 (1950). 








STABLE 


is available. Thus, we have a total of twenty-two 
of the 113 noneven-even nuclei (see Table V) 
deserving of especial study before it can be said 
that all the nuclear spins of the naturally occur- 
ring isotopes have been determined. The number 
to be investigated for magnetic and electric 
moments is considerably larger. 

Of especial interest are the 2.5-percent isotope 
of lutecium, nLu’’*, the 0.089-percent isotope of 
lanthanum, 5;La™*®, and the recently discovered 
0.24-percent isotope of vanadium, »;V**. All 
three isotopes contain both an unbalanced pro- 
ton and an unbalanced neutron and may reveal 
important information on the complex two- 
particle neutron-proton binding for intermediate 
mass and heavy mass nuclei. When these prob- 
lems are solved, there will be a total of only ten 
odd N-odd Z nuclei for which spin moments are 
known. Preliminary work on Lu 176 by Schuler 
and Gollnow® in 1939 indicated that it may 
have the largest mechanical moment of any 
nucleus so far studied; its spin may be equal to 
or greater than 7 units! As more and more of 
these quantum properties of nuclei become avail- 
able, there is no doubt that the shell theories of 
the nucleus will undergo improvement. 

Future spectroscopic research on isotope shifts 
may well be extended to the evaluation of the 
absolute magnitude of such displacements by 
methods of high resolution absorption spec- 
troscopy. The absorption spectrum of sodium 
has been observed to over fifty series members 
using only a ten-inch absorbing column of sodium 
vapor and a_ student-laboratory-type tube.* 
Caesium has been followed out to the 62nd 
member using a tube one meter in length.” 
Perhaps the most significant advance in atomic 


Sik ; 5I04.5 A 
fos) A 5100.3 A 






Fic. 7. Spectrum shifts in enhanced Sm samples. Top 
spectrum, Sm 144, bottom spectrum, Sm 154. 


60 H. Schuler and H. Gollnow, Z. Physik 113, 1 (1939). 

6 J. R. McNally, Jr., Am. J. Phys. 16, 409 (1948). 

® McNally, Jr., Molnar, Hitchcock, and Oliver, J. Opt. 
Soc. Am. 39, 57 (1949). 
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TABLE V. Problem nuclei. 





Natural Enhanced 
Nuclide Spin abundance abundance! 
Odd neutron nuclides 

ow 4? 4.67% 68.62% 
20Cas 0.15 tee 
22 Tit” 7.75 82.05 
22 Ti® 5.51 77.62 
ogCr®3 9.43 92.1 
o6Fe*7 223 87.29 
ogNi® 1.25 422 
34se”? 4? 7.58 91.73 

Ru” 12.81 vee 
“Rua 16.98 
46P-d?® 22.6 
eiGd 55 14.78 
6sGd)? 15.71 
esDy!® 18.88 
seDy' 24.97 
esEer!67 24.4 “es 
72Hf™ 4, 3? 18.47 61.71 
72H f!9 4, 3? 13.84 46.57 
76Os!87 1.64 tee 

Odd proton-odd neutron nuclides 

23V8 0.23 +298 
57Lal38 0.089 0.60 
mLul6 zd 2S see 


¢ Refinement incomplete. 


absorption spectroscopy has been the mirror- 
reflection technique developed at the University 
of Wisconsin to give effective path lengths of 
many meters.® Such progress in atomic absorp- 
tion spectroscopy should permit the accurate 
determination of absolute isotope shifts in the 
case of the hydrogen-like lithium, potassium, 
and rubidium isotopes and possibly more com- 
plex ones. 

The field of “forbidden transitions’ in optical 
spectra is of particular importance in the field 
of astronomy and may play a significant role in 
gas discharge phenomena.™ Classic examples of 
such forbidden transitions are found in the Hg, 
Cd, and Zn spectra for which prolonged spec- 
troscopic exposures reveal transitions ‘from the 
metastable *P, and *P» levels to the ground 
state 1S). Bowen® and Mrozowski® have ex- 
plained these in terms of a breakdown of selec- 


63 J. E. Mack, Revs. Modern Phys. 14, 104 (1942), and 
private communications (1949); H. R. Kratz, Phys. Rev. 
75, 844 (1949); E. R. Thackeray, Phys. Rev. 75, 1840: 
(1949) ; see also, P. A. Leighton and D. H. Volman, J. Opt. 
Soc. Am. 33, 79 (1943), and G. Herzberg, The Atmosphere 
of on Earth and Planets (University of Chicago Press, 
1949). 

64 See, for example, Alpert, McCoubrey, and Holstein, 
Phys. Rev. 82, 567A (1951). 

65 J, S. Bowen, Revs. Modern Phys. 8, 55 (1936). 

66S. Mrozowski, Phys. Rev. 67, 161 (1945); Revs. 
Modern Phys. 16, 153 (1944). 
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tion rules for the odd” mass isotopes for which 
the nuclear spin gives rise to quantum states 
which may be perturbed by the nonmetastable 
’P, hyperfine states. This identification of the 
‘‘forbiddenness”’ with the odd-mass isotopes has 
been confirmed experimentally by Deloume and 
Holmes® and Kessler.** The former compared 
spectra containing natural Cd with Cd" which 
had been enriched from 25.3-percent total odd 
isotopes to 65-percent Cd'', thus giving an en- 
hancement of about 8 in the relative purity of the 
odd-mass constituent. It is now possible to study 
samples for which the odd-mass concentration is 

6&7 F, F, Deloume and J. R. Holmes, Phys. Rev. 76, 174 


(1949). 
68 K. G. Kessler, Phys. Rev. 77, 559 (1950). 
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different by factors greater than fifty.' Here is a 
truly interesting field of research with isotopes. 

Lastly, the development of new methods of 
separating isotopes may be aided materially 
through the application of spectro-isotopic assay 
methods. Analysis methods utilizing atomic and 
molecular isotope shift phenomena have been 
quite successful in the past.®® The speed, accuracy 
and utility of present day spectrographic methods 
may prove to be of considerable importance in 
this field of isotope tracer techniques. 


69 For example, J. L. Rose and R. K. Stranathan (Pb), 
Phys. Rev. 49, 916 (1936); F. A. Jenkins and A. McKellar 
(Li), Phys. Rev. 36, 205 (1936); F. A. Jenkins and A. S. 
King (C), Publ. Astron. Soc. Pacific 48, 323 (1936); 
K. Wieland (Cl), Helv. Chim. Acta 26, 1939 (1944). 
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Special Theories of Relativity 
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For a homogeneous isotropic medium in which some phenomenon takes place with which 


is associated a limiting speed c’ and which is described by field equations which can be made 
covariant under linear space-time transformations, it is possible to set up a c’-relativity theory 
analogous to the Einstein (c-relativity) theory, but with the speed c’ replacing c, the speed of 
light in empty space. Such a c’-relativity will have a limited domain of validity, but within this 
domain it can be useful in providing a conceptual framework for the description of phenomena. 
For different phenomena in different media one can have many different theories of relativity, 
among which the Einstein theory occupies a distinguished position. Examples of c’-relativity 
are mentioned, and the one appropriate to the Maxwell equations for a homogeneous isotropic 


dielectric is discussed. 


HE present paper is devoted to the idea 

that there can exist many “special theories 
of relativity.” Let us suppose that, in the frame- 
work of classical physics, we are dealing with a 
homogeneous isotropic medium in which a phe- 
nomenon takes place with which is associated 
some limiting speed, such as that of wave pro- 
pagation. If this phenomenon is described by 
equations which remain unchanged in form under 
a group of linear transformations of the coordi- 
nates and time, then one can set up, with respect 
to this phenomenon, a “special theory of rela- 
tivity.”’ In this theory the linear transformations 
are the ‘Lorentz transformations,’ and the 
limiting speed associated with the phenomenon 
plays the same role as c, the speed of light, in the 
Einstein theory. 






MAXWELL EQUATIONS 


To make the point clearer, let us consider, as 
an example, the phenomenological Maxwell 
equations for the case of a homogeneous isotropic 
dielectric medium. These have the well-known 
form, 


1. 4g 
VvVXH=-D+—j, V:-D=4np, 
c c . 
(1) 
bs 
VXE=—-B, 
c 
where D=cE, B=uH, the dielectric constant 


and the permeability » being assumed to be 
constant. In such a medium, electromagnetic 
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waves will be propagated with a speed 
c’ =c/(eu)}. 


Let us therefore replace c in Eq. (1) by its value 
in terms of c’. At the same time let us also re- 
place the field variables by new ones 


(2) 


F=edE=c(D, HH’ =p'H=,~-B. (3) 
If we also take 
p=e'p, j/=e4j, (4) 
the field equations become 
A > ae 
V XH’ =-E’+—j’, V-E’=47n’, 
c’ c’ 
: (S) 
VXE’=-—-H’, V-H’=0. 
e 


These equations have the same form as the 
Maxwell equations for empty space, except for 
the fact that one has here the primed variables 
and the speed c’. ? 

Incidentally, one readily finds that, in terms 
of the primed quantities, one can write the 
electromagnetic energy density 


1 
—— —(E”+H”") ’ 


(6) 
8x 
the Poynting vector 
c’ 
Ss = —E’ XH’, (7) 
Ar 


and the Lorentz force on a charge q moving 
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with velocity v 


1 
F-¢(B'+-vxH'), (8) 
c 


where g’=e~}g. All of these expressions again 
have the same form (in the primed quantities) 
as for free space. 

By returning to Eqs. (5), we see from their 
form that there exists a family of Lorentz trans- 
formations in which the vacuum light-speed c is 
replaced by c’, the speed of light in the medium, 
under which the field equations are covariant. 
For example, one might have a transformation 
for the coordinates given by the equations, 


x =(1—v?/c”)—*(x'+0't'), y=y’, 
t=(1—v?/c’”)-4(t'+0x'/c?), (9) 


with corresponding transformations for other 
vectors and tensors. Such transformations are 
useful from the formal standpoint. For example, 
they enable one to obtain the fields of moving 
charges from the fields of charges at rest. 
However, it appears that one can go beyond 
the formal standpoint. Let us imagine that a 
dielectric medium characterized by the constants 
e and uy fills a large portion of space, and that 
there are observers moving within it who are 
isolated from the rest of the universe and are 
limited to the use of electromagnetic phenomena 
for measurement and communication. If we 
consider two such observers moving uniformly 
relative to each other, then if one of them has a 
frame of reference (including a system of clocks) 
so that the electromagnetic field equations have 
the form of Eqs. (5), the other one can choose 
his coordinate system in such a way (Lorentz 
transformation) that he will find the electro- 
magnetic field described by equations of the same 
form. The reference frames of the two observers 
are then completely equivalent—we might refer 
to them as inertial systems— and it is impossible 
for the observers to determine their ‘‘absolute”’ 
motion, i.e., their motion relative to the medium. 
It might be better to turn the matter around. 
lf each observer chooses his coordinate system 
so as to get the simplest description of electro- 
magnetic phenomena, i.e., so that Eqs. (5) will 
hold, then the two systems will be equivalent 
and will be related by a Lorentz c’-transforma- 


, 
s=3', 
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tion. How does one choose one’s coordinate 
system so that Eqs. (5) will hold? By making 
use of some of the consequences of Eqs. (5). In 
particular, since these field equations lead to the 
result that electromagnetic waves are propagated 
with the constant speed c’ in all directions, one 
synchronizes clocks in the frame of reference by 
the use of light signals regarded as transmitted 
with this speed c’. Having chosen a system in 
this way, the observer should not be able to de- 
tect any effect as a result of his motion through 
the medium, since the field equations do not 
involve any such motion. 

It should be emphasized that a moving ob- 
server need not adopt a reference frame for which 
Eqs. (5) will hold. The important point, however, 
is that, for an observer in uniform motion rela- 
tive to the medium, such a choice of reference 
frame is possible. It follows that, by considering 
various equivalent observers in such frames of 
reference, one is led to a special theory of rela- 
tivity, which one might refer to as c’-relativity, 
since in it c’ replaces c. 

It should be noted that such an idea was 
proposed a number of years ago by Michels 
and Patterson.! These authors considered an 
optical medium characterized by an index of 
refraction m, and therefore by a light speed (in 
the present notation, c’) equal to c/n. They 
assumed that this speed had to replace the c of 
free space in the discussion of the mechanics of 
the medium, and hence they used this speed in 
the Lorentz transformations connecting frames 
of reference moving uniformly relative to the 
medium. It might be pointed out, however, 
that there appears to be no assurance, in this 
kind of treatment, that the various observers 
connected by such Lorentz transformations will 
be equivalent, i.e., that physical laws will have 
the same form for them. In the present discus- 
sion, on the other hand, the fact that the Max- 
well equations retain their form under a Lorentz 
c’-transformation means that, with respect to 
electromagnetic phenomena, these observers are 
equivalent, and one is therefore justified in in- 
troducing a c’-relativity theory. 

It is interesting to compare the c’-relativity 
theory with the c-relativity, or Einstein, theory. 


1W. C. Michels and A. L. Patterson, Phys. Rev. 60, 
589 (1941). 











For an observer whom we know to be at rest 
relative to the medium, one can take the same 
space and time coordinates in both theories. 
For an observer moving uniformly relative to 
the medium one can carry out either a Lorentz 
c-transformation or a Lorentz c’-transformation, 
thus obtaining two (in general, different) sets of 
space and time coordinates. The c-relativity coor- 
dinates are those for which the concept of simul- 
taneity is based on the possibility of sending sig- 
nals with the speed c (which actually cannot be 
done in the medium under consideration) and for 
which the moving observer can detect his motion 
relative to the medium, since the field equations 
(1) or (5) are not covariant relative to a Lorentz 
c-transformation. The c’-relativity coordinates 
are based on the possibility of sending signals with 
a speed c’ and on the assumption that motion rel- 
ative to the medium is not detectable. One might 
say that c’-relativity would be adopted by the 
observers referred to above who have no contact 
with anything outside this medium, while c- 
relativity would describe the viewpoint of ob- 
servers who also have access to the space outside. 
Let us compare the two sets of coordinates in 
a simple case. Suppose we have a frame of refer- 
ence So at rest with respect to the medium, with 
coordinates xo, Yo, 0, fo. Now consider two other 
reference frames each with coordinate axes 
parallel to those of So and moving with a speed 
v along the xo-axis, one, S, with coordinates 
x, y, 3, t corresponding to c-relativity, the other, 
S’, with coordinates x’, y’, 3’, t’ corresponding to 
c’-relativity. By a suitable choice of origins one 
can write down two sets of transformation equa- 
tions analogous to Eqs. (9) but involving dif- 
ferent variables. By eliminating the coordinates 
Xo, Yo, Z0, fo one obtains the following relations, 


(—*) 

, , / 
x’ =(———- } x, y’=y, 3/=, 
1—v?/c”? 


1—v?/c’2\ 3 v(1/c?—1/c’?) 
(ara) er 


—___—_——_——_— ©. 
1—v/e* (1 —v?/c?)#(1 —v?/c’?)4 


(10) 








The inverse relations are obtained by inter- 
changing all the primed and unprimed quan- 
tities. By means of these equations one can com- 
pare lengths of rods or rates of clocks in the two 
systems. From Egs. (10) other relations can be 
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obtained such as that for velocities! 


dx’ (1 —v?/c?)dx/dt 


= —______—__—__—_——., (11) 
dt!) 1—v?/c’?+v(1/c?—1/c’*)dx/dt 





For these to be sensible relations one must have 
v<c, c’, of course. 

Obviously c’-relativity deals with a more 
limited viewpoint and a more limited range of 
phenomena than those of c-relativity. This leads 
to the possibility of the former breaking down 
under certain conditions. For example, one might 
have a particle enter the medium from the out- 
side with a speed greater than c’. The behavior 
of such a particle could not be described within 
the framework of c’-relativity. An example of 
this is the case of Cerenkov radiation? emitted 
by an electron moving with a uniform velocity, 
provided its speed exceeds c’. However, this 
type of behavior could only arise in the case of 
a particle entering the medium from the outside. 
A charged particle inside the medium cannot 
acquire a speed greater than (or equal to) c’ 
under the action of electromagnetic fields. This 
can be seen from the following discussion. 

Consider a particle in the form of a static, 
spherically symmetric charge distribution and 
let the electrostatic energy be 


Uo fdr, (12) 


where u is given by Eq. (6) (with H’ zero) and 
the integral is taken over all of three-dimensional 
space. If this particle moves with a velocity v, 
then, by expressing the solution of the field equa- 
tions in terms of the static solution by means of 
a Lorentz c’-transformation, one finds that the 
momentum of the electromagnetic field is given 
by 
G=m,)(1—v?/c’?)—4v, 


where mp=4U)/3c”. The work required to give 
the field this momentum, if the acceleration is 
small, is found to be 


W = myc? (1 —v?/c’?)-3—-1 J. 
It follows that one would have to impart in- 


2 P. A. Cerenkov, Compt. rend. acad. sci. URSS 14, 101, 
105 (1937) ; I. Frank and I. Tamm, Compt. rend. acad. sci. 
URSS 14, 109 (1937). 
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finite momentum and energy to the field of the 
particle to give it a speed c’. 

Incidentally, although the results just given 
indicate the usefulness of the c’-relativity 
approach, they also show something about its 
limitations. In addition to the fact that it cannot 
cope with speeds greater than c’ (particles en- 
tering from the outside), it cannot deal success- 
fully with phenomena other than electromag- 
netic unless they happen to be associated with 
the same limiting speed c’ (which is rather 
unlikely). Thus, if the particle discussed above 
has its charge held together by forces of a non- 
electromagnetic character, their contribution to 
the energy (or mass) and momentum cannot be 
treated very simply within the c’-relativity 
framework. 


DISCUSSION 


The preceding example, although it did in- 
volve the idealization of a continuous, dispersion- 
free medium, indicated that a c’-relativity theory 
might have at least an approximate validity for a 
certain range of conditions. 

Some time ago, R. W. Truitt,’ in dealing with 
the motion of a compressible fluid, introduced 
an analogy to the special relativity theory with 
the speed of sound replacing that of light. Al- 
though this may seem strange at first sight, it is 
not excluded that such a c’-relativity theory 
could be useful in a limited domain of fluid 
dynamics. 

It has also been pointed out to me by Pro- 
fessor F. London that L. Landau‘ in his work on 
Hell obtained relations for elastic waves which 
are formally the same as those obtained rela- 


3R. W. Truitt, Bull. 44, June 1949 and Bull. 47, Sep- 
tember, 1950, Dept. of Engineering Research, North 
Carolina State College. 

4L. Landau, J. Phys. (U.S. S. R.) 5, 71 (1941). 
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tivistically for blackbody radiation, but with c 
replaced by the speed of sound. 

Mention might also be made of the fact that, 
in the general theory of relativity, the speed of 
light can be affected by a gravitational potential, 
so that observers in Galilean (freely falling) 
reference frames may be led to the introduction 
of a special c’-relativity theory. 

The possibility of the existence of various c’- 
relativity theories is not only interesting in itself 
but also in that it helps throw additional light 
on the Einstein relativity theory. We see that, 
in principle, the Einstein relativity theory is 
one member of a family in which the funda- 
mental speed may take on all possible values 
(including infinity). To some extent the results 


. obtained from these various theories are con- 


ventional in nature, as, for example, in the 
assigning of coordinates to events. In such cases 
all the theories can be regarded as equivalent 
since it is possible to go from one to another by 
transformations of the type of Eqs. (10). How- 
ever there are many cases where the results are 
significant, as, for example, the expression for the 
kinetic energy of a particle obtained by a Lorentz 
transformation from the reference system in 
which the particle is at rest. In such cases only 
that theory is valid which is appropriate for the 
phenomenon involved. In this respect it is clear 
that the Einstein relativity theory occupies a 
distinguished role. It is appropriate for a much 
wider range of phenomena than any of the other 
theories. In particular, it appears that the phe- 
nomena connected with the existence and inter- 
actions of the fundamental particles are associ- 
ated with the limiting speed c, and hence with 
the Einstein theory. Nevertheless, the other, or 
c’-relativity, theories may be useful in certain 
cases, as we have seen. 


5V. Rosen, Phys. Rev. 57, 154 (1940). 


There is no answer for these people. Some of them are good citizens. They vote the ticket of the 
party that is responsible for the prosperity of the country; they belong to the only true church; they 
subscribe to the Red Cross drive—but they have no place in the Temple of Science; they profane it. 
—WILLiaM F. Oscoop, Mechanics (Macmillan, 1937). 
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A number of important measurements of the velocity of light have been made in recent years. 
Four of these determinations are here outlined, with emphasis on the experimental techniques 
used. These include the work of Essen, and of Hansen and Bol, with microwave cavity resona- 
tors, Bergstrand’s measurements with a modified Kerr-cell technique, and Aslakson’s ‘“‘Shoran”’ 
measurements. It is pointed out that these four determinations are consistent among them- 
selves and yield a value very close to 299,790 km/sec for the velocity of light in vacuum. This 
is completely outside the probable error of the value 299,776+4 km/sec generally accepted by 
physicists in the years 1934-1949 on the basis of rotating mirror and Kerr-cell measurements. 
Some possible reasons for this discrepancy are discussed. 


HE velocity of light in vacuum is one of the 
most fundamental quantities in nature. Its 
importance may be seen from the fact that in 
any book or periodical article on modern physical 
theory, c, which is universally used as the symbol 
for the velocity of light, appears practically on 
every page. In addition to the basic role it plays 
in the theory of relativity, the value of c must 
be known accurately for work in optics, elec- 
tricity, quantum theory, and nuclear physics. 
For this reason a great deal of time and energy 
has always been devoted to its precise deter- 
mination, and the classical measurements of 
Rémer, Bradley, Fizeau, Foucault, Michelson, 
and Anderson are familiar even to the beginner 
in physics. 

In the years following World War II many 
atomic constants were determined with such 
great precision by microwave and nuclear in- 
duction techniques that the limiting factor on the 
final values of a number of these important con- 
stants was the lack of precision in the velocity 
of light, which enters into these quantities as an 
auxiliary constant. For this reason there has 
been even greater interest in recent years in the 
precise determination of c. Because of its im- 
portance, and because of the light it throws on 
the assignment of errors to measured quantities 
in physics, it seems that a brief summary of a 
part of this work may be worth while. 

In 1944 when Dorsey! surveyed the significant 
measurements made up till then on the velocity 


1N. E. Dorsey, The Velocity of Light (American Philo- 
— Society, New Series, Vol. 34, Part I, Philadelphia, 
1944). : 
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of light, he concluded that there were five meas- 
urements that deserved to be included in obtain- 
ing a final value for c. All five of these employed 
optical frequencies and optical techniques. Four 
were Kerr-cell determinations, by Anderson, 
Hiittell, and Karolus and Mittelstaedt. The 
fifth was the work begun by Michelson and com- 
pleted by Pease and Pearson after Michelson’s 
death in 1931, using a rotating 32-face mirror, 
and a mile-long light path in an evacuated tube. 
Of the newer experiments to be considered in 
this paper, on the other hand, only one uses a 
modified Kerr-cell technique. The other three 
employ radiation in the microwave region, and 
radar techniques. According to Maxwell’s electro- 
magnetic theory, of course, the velocity of elec- 
tromagnetic waves in vacuum should be the 
same, no matter for what frequency range it is 
measured. 


I, MODIFIED KERR-CELL METHOD (BERGSTRAND) 


In Anderson’s measurement of the velocity of 
light in 1941, which up till a few years ago was 
regarded as one of the two most precise and 
accurate determinations of c, he modulated a 
beam of light in intensity by means of a Kerr 
cell. The beam was divided into two paths, a 
long fixed path which is effectively the distance 
over which the measurement was made, and a 
short one made variable by a movable mirror. 
On their return the beams were combined in a 
phototube whose voltage output depended on 
the intensity and relative phases of the received 
signals. The two beams were out of phase if their 
path difference amounted to exactly an odd num- 
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Fic. 1. Schematic diagram of Bergstrand’s modified 
Kerr-cell apparatus for the determination of the velocity 
of light. 


ber of half-wavelengths, and the resultant photo- 
tube voltage was a minimum. The condition for 
minimum output of the photocell was thus 


o=nr = sw/C, 


(1) 


where @¢ is the phase difference between the 
beams; s is the optical path difference between 
the beams; c is the velocity of light; w is the 
angular frequency, equal to 27f, where f is the 
modulation frequency; and takes on the values 
1, 3, 5,---. From Eq. (1) we easily obtain 


c=2fs/n, (2) 


so that the velocity of light can be obtained from 
a measurement of the modulation frequency and 
the optical path differences corresponding to 
different values of n. 

As Anderson pointed out, the main limitation 
in accuracy in such a determination is the result 
of the phototube detector. The two beams are 
effectively combined and detected, not when the 
light reaches the photoelectric surface of the cell, 
but when the electrons emitted from the surface 
reach the plate of the tube. If the paths of the 
two beams within the phototube do not coincide, 
the transit times from the cathode to the plate 
may be different for the two beams. In practice 
Anderson found it extremely difficult to eliminate 
this error. 

Recently Bergstrand? has overcome this diffi- 
culty by using a single beam, instead of the two 
employed by Anderson. A schematic diagram of 
Bergstrand’s apparatus is given in Fig. 1. In the 
figure, L is the light source backed by a spherical 


2L. E. Bergstrand, Nature 163, 338 (1949); 165, 405 
(1950). 
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mirror which beams the light at the mirror M. 
The source is modulated at about 8 Mc/sec by a 
high frequency voltage from the crystal-con- 
trolled oscillator, so that the emitted light varies 
in intensity with the frequency of modulation. 
The reflected beam is picked up by the photo- 
tube 7, which gets its operating voltage from the 
same oscillator that modulates the source. Ac- 
cordingly, the sensitivity of the tube varies with 
the same frequency as the intensity of the emitted 
light, and its response is a function of the dis- 
tance D. For certain distances a ‘‘resonance”’ 
condition prevails, the high intensity flashes 
reach the tube at the instants of high sensitivity, 
and the current output of the tube is a maximum. 
Bergstrand found that by periodically reversing 
the phase of the modulation of the light beam 
relative to that of the detector at a frequency 
low compared to that of the light modulation, 
he could make the observed phototube response 
vary symmetrically about zero. In this way he 
obtained relatively sharp zero readings instead 
of broad maxima and minima as the distance D 
was varied. The velocity of light was then ob- 
tained from precise measurements of the dis- 
tance the mirror M was moved between nulls, and 
of the modulation frequency. 

Bergstrand first designed this instrument, 
which he calls a ‘‘geodimeter,”’ for the precise 
measurement of distance, and for such work he 
claims a precision of the same order as for fre- 
quency measurements, one part in ten million. 
Allowing sufficient limits of error for uncer- 
tainties in atmospheric conditions, and for the 
frequency and length measurements, Bergstrand 
gives two values of 299,7934+2 km/sec and 
299,792.7+0.25 km/sec for the velocity of light 
in vacuum. 


II. “SHORAN” MEASUREMENTS (ASLAKSON) 


Another method of measuring ¢ has arisen 
from the application of radar methods to naviga- 
tional purposes. For the precise measurement of 
distances by radar methods, an accurate value of 
the velocity of electromagnetic waves is required. 


In distance measurements using long radio 
waves there is need of a correction for the ground 
effect, but for high frequency radar waves this 
correction is completely negligible. Radar pre- 


sents the additional advantage in distance de- 











terminations that the absolute accuracy of the 
measurement is substantially independent of the 
distance measured. As a result, very low per- 
centage errors are obtainable in the measurement 
of long distances. Hence, working backwards 
from known distances, the velocity of electro- 
magnetic waves can also be obtained with high 
precision. 

During the past few years the Oboe system in 
England, and ‘‘Shoran”’ in the United States, 
have been applied to problems of geodetic sur- 
veying. These systems make use of radar bea- 
cons, or “‘racons,’’ which are transmitters trig- 
gered by signals received from a radar. If the 
radiofrequency pulse transmitted by a distant 
radar falls within the pass band of the receiver 
of a beacon, and is of sufficient amplitude, the 
beacon receiver changes the rf pulse to a video 
pulse which triggers the beacon transmitter. 
The transmitter then radiates another rf pulse 
which is received by the radar. 

In 1947 the U. S. Air Force started an ex- 
tensive project to utilize Shoran to determine 
geodetic distances with high precision. This work 
gave evidence that the then accepted value for 
c of 299,776 km/sec was considerably in error. 
In these determinations an airplane flew across 
the line connecting two ground beacons, sending 
radar pulses continuously to the beacons and 
receiving their replies. Assuming the above value 
for the velocity of the pulses, the minimum sum 
distance between the two stations was deter- 
mined. Psychrometrjc observations were made by 
a weather reconnaissance plane along the path 
of the radar pulses. In this way a reliable correc- 
tion was made for refractive index, and the re- 
sulting distance was then reduced to sea-level or 
geodetic value. Discrepancies were observed in 
two ways. In the first case a comparison was 
made of six Shoran-measured distances with the 
accurately known magnitudes of these six dis- 
tances between four U. S. Coast and Geodetic 
Survey triangulation stations. The distances 
measured varied from 67 to 367 miles. All the 
Shoran distances were less than the known 
lengths. Agreement could only be obtained by 
using a value of 299,792.3 km/sec for c. Forty- 
one other lines were then measured by Shoran, 
and a least-squares adjustment was made of 
these forty-one and the original six. A multiplier 
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was introduced to determine the ratio of the 
Shoran lengths to the lengths that would satisfy 
the adjustment. Again it was found that con- 
sistency could only be obtained with an identical 
value of 299,792.3 km/sec for c. 

When this evidence was submitted to the Air 
Force reviewing board, they commented: ‘On 
the basis of the evidence submitted, - - - it appears 
possible that the fundamental trouble may lie 
in an erroneous value for the velocity of light or 
for the dielectric constant of air.’’ At the time 
this work was done, however, physicists were 
quite content with Birge’s* (1941) final average 
value of c= 299,776+4 km/sec, or with Dorsey’s! 
299,773+10 km/sec; and the Shoran results were 
so far outside the probable errors of these values 
that no report appeared in the literature on this 
work at the time it was done. In 1949, however, 
when evidence was mounting from other sources 
for a higher value of c, Aslakson,* who had di- 
rected the Shoran project, published his result 
of c= 299,792+2.4 km/sec.® British workers have 
since confirmed this higher value of ¢ using their 
Oboe system, which employs two ground-based 
interrogating radars and a beacon-equipped air- 
craft. Their distance measurements are not, how- 
ever, as self-consistent as the Shoran measure- 
ments, even when this higher value of c is used. 


III. MICROWAVE RESONANT CAVITY 
MEASUREMENTS 


Perhaps the most precise determinations of the 
velocity of electromagnetic waves ever made 
are those made in recent years by Hansen and 
Bol at Stanford, and by Essen at the National 
Physical Laboratory in England, using micro- 
wave cavity resonators of very low attenuation. 
Such cavities consist of pieces of wave guide 
short-circuited at both ends. Electromagnetic 
waves inside such cavities do not travel with 
their free-space velocity, but it is possible to 
determine this velocity on the basis of electro- 
magnetic theory. 


3R. T. Birge, “‘The General Physical Constants,’’ Re- 
ports on Progress in Physics, VIII (The Physical Society, 
London, 1941), pp. 90-134. 

4C. I. Aslakson, Nature 164, 711 (1949); Trans. Am. 
Geophys. Un. 30, 475 (1949). 

5 More recent measurements made with improved Shoran 
equipment by the U. S. Air Force during January-Febru- 
ary, 1951, lead to an even higher value, 299,794.2+1.9 
km/sec for c. See C. I. Aslakson, Nature 168, 505 (1951). 
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The most convenient modes to use in measure- 
ments of c with a cylindrical cavity resonator are 
the TE (or H) modes, in which the electric field 
E has only components perpendicular to the 
axis of the cylinder (Transverse Electric). The 
magnetic field H, being perpendicular to EZ, has 
components both parallel and perpendicular to 
the axis. The natural modes of oscillation of 
such a resonator occur when a half-guide wave- 
length is contained an integral number of times 
in the distance / between the ends of the cavity, 
that is, when 


\,/2=1/p, or A, =21/p, (3) 


where X\, is the guide wavelength, and p is an 
integer. The modes of such a cylindrical cavity 
are designated by the symbols TEn», (or Hinnp)- 
Here p is the number of half-period variations of 
the electric field along the axis of the guide; m 
indicates the number of full-period variations of 
the radial component of the electric field along 
the angular direction ; and m indicates the number 
of half-period variations of the angular com- 
ponent of the electric field along the radial direc- 
tion. For the TE modes of a cylindrical cavity 
of length / and diameter d, it can be shown that 
the free-space wavelength \ is connected with 
the guide wavelength \,( = 2//p) by the formula,® 


A=[(b/21)?+ (w'n, m/ad)? , (4) 


where u'n,m is the mth extreme of the Bessel 
function J,,(u), or the mth root of Jm'(u) =0, and 
m,n, and p have the meanings indicated above. 

The velocity of electromagnetic waves can 
then be found from a knowledge of the free-space 
wavelength \ and the resonant frequency fmap 
of the particular mode designated by the sub- 
scripts m, n, p. This, however, is only true of a 
cavity with perfectly conducting walls. Since 
this is unattainable in practice, there is need of a 
correction factor [1+(1/2Q)], which allows for 
the penetration of the current into the walls of 
the conductor, which has a very small, but finite, 
resistance. Here Q has the same significance as 
for an ordinary resonant circuit, and determines 
the sharpness of resonance of the cavity. If f is 
the resonant frequency, and for frequencies f; 

See, for example, Massachusetts Institute of Tech- 


nology Radar School Staff, Principles of Radar (McGraw- 
Hill Book Company, Inc., New York, 1946), Chapter 10. 
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and f2 above and below resonance the power 
output of the resonator has dropped to one-half 
its response at resonance, then Q is given by 


Q=f/(fi-fr). (S) 


In the case of cavity resonators, it is also con- 
venient to think of Q as expressing the ratio of the 
energy stored in the fields of the resonator to 


the energy lost per cycle in the walls, according 
to the relation 


energy stored 


Q=2r ; 
energy lost per cycle 


(6) 


The energy losses in an evacuated cavity 
resonator are caused by the currents flowing in 
the walls of the cavity, which produce 7?R losses. 
At high frequencies the current flowing in a con- 
ductor penetrates the conductor to a shallow 
depth which is called the skin depth and is given 
by 

D=(p/mfu)?, (7) 


where p and uy are, respectively, the resistivity 
and permeability of the walls of the cavity, and 
f is the resonant frequency. The energy lost per 
cycle can then be considered as lost in the volume 
of the walls defined by the skin depth. Making 
use of this fact, the Q of a cavity resonator may 
be calculated in the form® 


where H is the rms value of the magnetic field 
in the interior of the cavity, and H, is the rms 
value of the magnetic field along the surface of 
the walls of the cavity. From this it can be seen 
that if the magnetic field were constant through- 
out the volume of the resonator, the Q of the 
cavity would be given by 


2 Volume of resonator 


(9) 


D Area of resonator ~ 


Hence, to obtain a large Q and good selectivity, 
the ratio of volume to area of the cavity must 
be made as large as possible, and the skin depth 
as small as possible. This latter is accomplished 















by silver plating the inner walls of the cavity to 
reduce the resistivity p, and hence the skin depth 
D. In this way Q’s of the order of 50,000 have 
been obtained in the microwave region. 

When the necessary correction for the skin 
effect is included, and Eq. (4) is used for the free- 
space wavelength, the final expression for the 
velocity of electromagnetic waves in free space, 
as determined by measurements on resonant 
cavities, becomes 


C= fimnplL1+ (1/20) JL (p/21)? 
+(u'n,m/wd)?}-*. (10) 


It is therefore possible to determine c from a 
measurement of 1, d, Q, and f, all of which can 
be measured with high precision. The British 
and American workers differed considerably in 
the details of their measurements of these quan- 
tities, but their final results agreed well within 
the narrow limits of error assigned. 


a. Variable-Length Cavity (Essen) 


The recent work done by Essen at the Na- 
tional Physical Laboratory at Teddington, Eng- 
land, is an improvement on a measurement 
made by Essen and Gordon-Smith in 1948. 
Essen’ employed the TEo1,(p=1 to 8) and the 
TE o2)(p=1 to 3) modes of an evacuated silver- 
plated steel cylinder 6.5 cm in diameter, and of 
adjustable length. These modes were the most 
convenient ones, since in them the electric field 
was circular and concentric with the axis of the 
cylinder. There was therefore no electric field 
across the gap between the movable piston at 
one end and the walls, and therefore unwanted 
coupling effects with the coaxial line circuit be- 
low the piston were eliminated. Resonance was 
first established for a length corresponding to 
b=1. The length was then varied by means of 
the piston, and resonance was established at the 
next highest mode in a manner very similar to the 
use of the ultrasonic interferometer to measure 
the velocity of sound. In practice it was found too 
tedious to make the very delicate adjustments in 
length necessary to give resonance at each mode 
at a constant frequency. Asa result, the approxi- 
mate lengths required for resonance in the TEou, 
TEo12,-+-TEo1p modes were calculated and the 


7L. Essen, Proc. Roy. Soc. (London) A204, 260 (1950); 
Nature 167, 258 (1951). 
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resonant condition established by a slight fre- 
quency adjustment. Resonances were observed 
by small loops introduced into the cavity and 
coupled to a detector. The experiment thus 
yielded p slightly different resonant frequencies 
corresponding to different lengths and different 
Q's. 

The lengths were measured by means of slip 
gauges between the piston and the base-plate. 
These slip gauges were calibrated immediately 
after the electrical measurements by an inter- 
ferometric method in the Metrology Division of 
the National Physical Laboratory. Essen’s 
method has the advantage that no absolute 
length measurement of the cavity is required; 
the wavelength was obtained only from differ- 
ences in length, the first resonant length not 
being used. In this way the inaccuracies that 
might be introduced by end effects were greatly 
reduced, including those resulting from the 
coupling loops with the oscillator and detector. 
In addition, the diameter of the cavity was 
eliminated from the final calculation of ¢ by ex- 
citing different modes, or using the same modes 
at different frequencies. 

The frequency, which was of the order of 
9000 Mc/sec, was measured with a precision of a 
few parts in 10’ by standard techniques. The Q 
of the cavity was obtained from measurements 
of the frequencies f; and fe, for which the power 
output was one-half its value at resonance, by 
means of Eq. (5). Essen found that the measured 
values of Q were only 75 percent of their theo- 
retical values as given by Eq. (8). Since the 
silver plating on the inner walls of the cavity 
was about ten times the effective skin depth at 
the frequency used, Essen could account for this 
discrepancy only by assuming that a ‘thin layer 
of higher resistivity silver oxide or sulfide had 
formed on the walls of the resonator. This would 
cause greater penetration, and Q would be re- 
duced. It would also lead to a correction factor 
larger than the [1+(1/2Q)] used in Eq. (10) 
above. 

Essen used two different methods to correct 
for this surface layer. In one case he assumed 
that the layer was a dielectric, for which the skin 
depth would not vary with frequency. Then the 
effect of the surface layer would be merely to 
increase the effective diameter of the cylinder to 
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d+ Ad, where Ad is the increase in diameter be- 
cause of the surface layer. From measurements on 
the same mode at different frequencies d+ Ad 
could be determined in terms of \ and the con- 
stant u’n»,m of Eq. (4) for the particular mode 
excited. This effective diameter could then be 
used in Eq. (10) to obtain c. It was found that 
d+ Ad was 2.1 X10-‘ cm greater than the metro- 
logical value of d. Secondly, it was assumed by 
Essen that the surface layer was a conductor of 
higher resistivity then the silver plating. Hence 
the resistivity would vary with frequency, and so 
would Ad. In this case Essen increased the factor 
[1+(1/2Q)] to a value which brought the re- 
sults at different frequencies into agreement. This 
value was found to be [1+(2.8/2Q) ]. Values for 
c calculated under these two assumptions dif- 
fered on the average by only 1.2 km/sec, with a 
maximum discrepancy of 2 km/sec. This is a 
good indication of the essential correctness of 
Essen’s theory. 

This difficulty with surface effects was re- 
garded as the main source of error in Essen’s 
determination of c. Allowing a good margin of 
error for it, and maximum possible errors in 
frequency and length measurements, including 
uncertainties resulting from temperature, Essen 
was still able to claim an estimated maximum 
error of only +3 km/sec. His final value was 
c=299,792.54+3 km/sec. Because of the great 
care taken to eliminate systematic errors, and the 
consistency of his results, Essen* seems justified 
in claiming higher accuracy for a single cavity 
resonator determination of c than for the sta- 
tistical mean of nearly 3000 optical determina- 
tions made by Pease and Pearson, and by 
Anderson. 


b. Fixed-Length Cavity (Hansen and Bol) 


A similar microwave cavity resonator meas- 
urement of c in vacuum was devised by W. W. 
Hansen at Stanford, and supervised by him till 
his death in 1949. Since that time Kees Bol has 
carried on the work. Hansen and Bol® employed 
an evacuated cylindrical cavity of fixed length 
rather than Essen’s variable-length cavity. The 

8L. Essen, Nature 165, 582 (1950). 

°K. Bol, Phys. Rev. 80, 298 (1950). For an analysis of 


the unusual care taken to avoid errors in these measure- 


ments, see J. A. Bearden and H. M. Watts, Phys. Rev. 81, 
73 (1951). 
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low attenuation cavity used was 4.5 in. high 
with an inner diameter of 9.8 in. It was excited 
in the TEoi2 and TEo2 modes, two of the modes 
used also by Essen. The cavity rested on one end 
plate, with three spacer rods inserted in the 
cylindrical walls which support the top end plate. 

The length of the cavity was found from inter- 
ferometric measurements of the spacer rods. The 
frequency and Q were both determined to a few 
parts in 10’ by standard techniques. The di- 
ameter was eliminated from the measurements 
by observations on the TEo12 and TE 2: modes 
at the same frequency. The diameter was thus 
obtained in terms of the wavelengths and the 
constants ’ n,m for the two modes. 

Bol also places the principle source of sys- 
tematic error in the formation of silver oxides 
or sulfides on the inner walls of the cavity. He 
estimates this as causing a maximum possible 
error of 0.5 km/sec in the determination of c, 
which is considerably smaller than the limits 
Essen placed to the same effect. Every effort was 
made to eliminate other sources of systematic 
error. A gap was inserted between the cylindrical 
portion and each end plate of the cavity to sup- 
press undesired modes of oscillation, and the re- 
sults were corrected for the effect of this gap. 
Possible difficulties because of skewness of the 
assembly were overcome. Allowing a random 
error of 0.3 km/sec in addition to the possible 
systematic error resulting from the surface layer, 
Bol quotes his value of c as 299,789.3+0.8 
km/sec. 

Because of the extreme care taken to eliminate 
errors in this experiment, Bearden and Watts 
have given Hansen and Bol’s value of c a weight 
six times as great as any other single determina- 
tion of this constant in their recent re-evaluation 
of the physical constants. The accuracy of this 
measurement receives a strong confirmation from 
the agreement of Bol’s final value with Essen’s 
high precision result within the small margins 
of error quoted. 


IV. PRESENT MOST PROBABLE VALUE OF 
VELOCITY OF LIGHT 


The results of these recent experiments on the 
velocity of light are summarized in Table I 
along with the more important earlier values. 
Table II gives the accepted value of c at different 









TABLE I. Experimental values of velocity of 
light in vacuum. 


Date 


oO! 
publi- Refer- Velocity in vacuum 


Author cation ence Method* km/sec) 
Rosa and Dorsey 1907 a esu/emu 299,784+10f 
Mercier 1924 b SW 299,782+430t 
Michelson 1927 c RM 299,798+157 
Pease and Pearson 1935 d RM 299,77444t 
Anderson 1941 e KC 299,776+6T 
Aslakson 1949 f Shoran 299,792+42.4 
Bergstrand 1949 ¢ MKC 299,793+:2 
Bergstrand 1950 g MKC — 299,792.7+0.25 
Hansen and Bol 1950 h CR 299,789.3+0.8 
Essen 1950 i CR 299,792.543 


* SW =standing waves on wires; RM =rotating mirror; KC =Kerr 
cell; MKC =modified Kerr cell; CR =microwave cavity resonator. 

+ Values given are as corrected by Birge in 1941, and the errors are 
the ro errors assigned by him. 


osa and Dorsey, Bull. = Standards 3, 433 (1907). 
b J. Mercier, J. phys. et radium 5, 168 (1924). 

¢ A. A. Michelson, Astrophys. J. 65, 1 (1927). 

4 Michelson, Pease, and Pearson, Astrophys. J, ay 26 (1935). 

e W. C. Anderson, J. Opt. Soc. Am. 31, 187 (19 

f See reference 4 in text. 

& See reference 2. 

h See reference 9. 

i See reference 7. 


times during the past twenty years, as deter- 
mined by statistical analyses of the then avail- 
able data. This table points to a very interesting 
fact. In the fifteen years from 1934 to 1949, 
physicists were using a value for the velocity of 
light that differed from the most probable value 
accepted today by some 14 km/sec, which is 
completely outside the probable errors quoted 
in the experimental work of Anderson and of 
Pease and Pearson, and in the reviews of Birge® 
and Dorsey. Such a situation is rather unusual 
in physics, and might tempt one to revive Ed- 
mondson and de Bray’s theory of possible pe- 
riodic variations in c, had not Birge and Dorsey 
disposed of that theory once and for all. The real 
explanation of this discrepancy seems to be 
much simpler and more physically acceptable 
than this. 

It appears that there were fairly large sys- 
tematic errors in the earlier work, which were 
not allowed for in the probable errors proposed 
by the experimenters. It is noteworthy that of 
the eight measurements considered worthy of 
inclusion in obtaining a final value for c by Birge 
in 1941, six were optical measurements, four using 
Kerr-cells, and two rotating mirrors. These had 
a total relative weight of 12.472 compared with 
the weight of 1.111 for the remaining two meas- 
urements, on the basis of the probable errors 
assigned by Birge. Of the six optical measure- 
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ments the two of the smallest probable errors, 
and hence the greatest weights, were those of 
Pease and Pearson (weight of 6.250) and Ander- 
son (2.778), which differed most from the pres- 
ently accepted value (~ 299,790 km/sec). On the 
other hand, four of the eight measurements in- 
cluded by Birge, though they had much greater 
assigned probable errors and smaller weights, 
were in much better agreement with more recent 
work. Thus as far back as 1906, Rosa and Dorsey 
obtained a value of 299,784+-10 km/sec (as cor- 
rected by Birge, 1941) by their classic measure- 
ment of the ratio of esu to emu units of charge. 
In 1923, Mercier measured the wavelength of 
standing waves on wires, and found a value of 
299,782+30 km/sec. It is also interesting that 
in Michelson’s original work he obtained a value 
of 299,798+15 km/sec (as corrected by Birge, 
1941), which does not agree at all with the later 
result of 299,774+4 km/sec obtained by Pease 
and Pearson after Michelson’s death. All these 
results agree well with the recent measurements 
given in Table I, as does that of 299,786+10 
km/sec obtained by Mittelstaedt in 1928 using 
a Kerr-cell technique. 

Dorsey,' in his review in 1944, pointed out 
that the error that should properly have been 
assigned to the velocity of light at that time was 
greater than the errors quoted by most experi- 
menters, and greater than Birge’s’ 1941 value 
of +4 km/sec. It now appears that even Dorsey’s 
+10 km/sec was not a sufficient margin of error, 
and that rather large systematic errors entered 
into many of the Kerr-cell and rotating-mirror 
determinations. Bergstrand’s work seems to 


TABLE II. Accepted average values of velocity 
of light in vacuum. 


t 


Velocity in vacuum . Refer- 
Date (km/sec) Author. ence 
1929 299,796+4 Birge a 
1934 299,776+4 Birge b 
1941 299,776+4 Birge e 
1944 299,773+-10 Dorsey d 
1948 299,776+4 DuMond and Cohen e 
1951 299,790.2+0.9 DuMond and Cohen f 
1951 299,790.0+0.7 Bearden and Watts g 
* R. T. Birge, Revs. Modern Phys. 1, 1 (1929). 
>R. T. Birge, Nature 134, 771 (1934 4). 
© See reference 3. 
4 See ene . 


. DuMond and E. R. Cohen, Revs. Modern Phys. 20, 82 


. W. 
. W. M. DuMond ae) E. R. Cohen, Phys. Rev. 82, = a 
<a M. Watts, Phys. Rev. 81, 73 (19 


(1948). 


Bearden and H. 
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point to the source of this error in the Kerr-cell 
determinations. In the measurements of Pease 
and Pearson large fluctuations, occasionally up 
to 30 km/sec, were at times observed in the 
measured value of c. These were never satis- 
factorily explained. It is unfortunate, then, that 
Dorsey concluded that only work done after 
1934 should be included in obtaining his final 
value for c, and that the five measurements he 
used were all optical measurements. He even 
rejected his own measurement in conjunction 
with Rosa of the esu/emu charge ratio, which 
Birge has called ‘‘one of the most beautifully 
executed pieces of precision research in the en- 
tire history of science.”’ Their result, 299,784+10 
km/sec, agrees well with the four most recent 
determinations described here. In 1941 Birge 
could say that this work, though done in 1906, 
was ‘‘certainly the most precise determination up 
till the last few years,’’ and its accuracy seems 
to be vindicated again by the more precise recent 
work. It is certainly an unusual situation in 
modern high precision physical measurements 
when a measurement that is 45 years old is still 
one of the best in the field. 

It should, however, be noted that this question 
of the correct value of c is still not a closed one. 
In two recent experiments using modified Kerr- 
cell techniques, Houstoun” and McKinley" have 
again obtained values close to that of Anderson, 
and to Birge’s 1941 value. It is noteworthy that 
these measurements at optical frequencies appear 
to give consistently lower values than the meas- 
urements at microwave frequencies, or the in- 


1 R, A. Houstoun, Nature 164, 1004 (1949). 


1D. W. R. McKinley, J. Roy. Astron. Soc. Canada 44, 
89 (1950). 
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direct measurements of Rosa and Dorsey, and 
of Mercier. There are exceptions, Bergstrand’s 
result being the outstanding one, but the over-all 
trend may be significant. It is just barely pos- 
sible that the observed discrepancies are not 
merely because of incorrect assignment of limits 
of error, though at the moment that seems to 
be the most satisfactory explanation from a 
physical point of view. 

The determination of the velocity of light has 
provided a most interesting chapter in the his- 
tory of physics. It includes an abundance of 
precise experimental work of the highest order, 
but is spotted by a number of events that seem 
to us inexplicable: Michelson’s use of the wave 
index of refraction to correct his results, despite 
the fact that he had employed the concept of 
group velocity in 1883 to get agreement with his 
measured value of the index of refraction of 
CS:; the fact that no physicist used the group 
index of refraction to correct his measured values 
of ¢ till Birge pointed this out to Anderson in 
1939; Edmondson’s proposed equation for the 
harmonic variation of c with time, and the sur- 
prising agreement de Bray was able to point 
out with measured values; and finally the fact 
that in the last few years experiment seems to 
have shown that physicists were using an in- 
accurate value of c for about fifteen years. The 
increased accuracy and precision which has re- 
sulted from these experimental determinations of 
the velocity of light will pay dividends in an in- 
creased accuracy in our knowledge of so many 
other physical constants that require a knowl- 
edge of c, and in the possibility of a more com- 
plete comparison of theoretical predictions with 
experimental results. 


This is important in deciding what the object is that we are supposed to see. In the daytime, prac- 
tically all the light that reaches the eye comes ultimately from the sun, but we do not say that we are 
seeing only the sun. We are seeing the last region after which the course of the light was virtually 
unimpeded until it reaches the eye—BERTRAND RUSSELL, Human Knowledge, 1948. 
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An evaluation of undergraduate physics training at Brooklyn College has been made and 
analyzed as an aid to curriculum planning. Physics majors who had been graduated from the 
college from two to twenty years reported on the general effectiveness of their undergraduate 
science training and indicated the areas in which the training was lacking. 





STUDY was made recently of the training 

given physics majors at Brooklyn College. 
The results appear to be of general interest and 
are reported briefly here. The information upon 
which the report is based was obtained from re- 
plies to a questionnaire sent out to former stu- 
dents who had majored in physics at Brooklyn 
College and who had graduated between 1929 
and 1949. A total of 330 questionnaires was sent 
out and within three months 137 replies had 
been received. This was a response of 41.5 per- 
cent. The replies came from former students 
who were in a variety of positions of greater or 
lesser responsibility, with the teaching profession 
well represented. 

It may be of interest to point out that Brook- 
lyn College is one of the four units of the College 
of the City of New York. Undergraduate students 
may earn the B.A. or the B.S. degree. The latter 
degree is awarded to those who have majored in 
science and mathematics and who have other- 
wise fulfilled the requirements for the B.A. de- 
gree. Physics majors may include as many as 36 
semester credits in elective work in that depart- 
ment in addition to a full year of general physics. 


RESULTS OF SURVEY AND DISCUSSION 


Distribution in Occupational Fields of Former 
Students Making Replies to the 
Questionnaire 


The occupational fields which the students 
have entered are shown in Table I. The per- 
centages in this and all following tables are made 
on the basis of the number of replies received. 

It was found that 70.4 percent of those who 
replied had earned one or more advanced de- 
grees (17.5 percent two and 52.5 percent one de- 
gree). In addition 2.2 percent had taken graduate 


work without qualifying for a degree. No advanced 
degrees were indicated for the first six years of 
the survey, but from 1935 to 1945 there were 
from one to five a year. In 1947, 1948, 1949, and 
1950 there were 19 and 20 each year. The govern- 
ment’s educational program for the veterans 
together with the general interest in science 
brought about by the war may partially explain 
this increase in graduate study in the 40’s. 
Advanced degrees earned by former students 
answering questionnaires. The data given in 
Table II show the range of degrees taken after 


receiving the B.A. or B.S. degree from Brooklyn 
College. 


Preference for B.A. or B.S. Degree 


There have been many inquiries from under- 
graduates concerning the relative merits of the 
B.A. degree and the B.S. degree, and in order to 
obtain more information concerning the problem 
the questionnaire included the following: ‘‘Has 
your employer expressed a preference for the 
B.A. degree or for the B.S. degree?’’ The replies 
showed that 0.74 percent expressed a preference 
for the B.A. degree, 25.2 percent for the B.S. 
degree, and 49.0 percent indicated that there 
was no preference. The fact that on ‘one-fourth 
of the papers these questions were not answered 
may indicate that there is no particular prefer- 


TABLE I. Distribution of occupational fields. 


: Students 
Occupational in field Occupational 
field (percent) field 


Students 
in field 
(percent) 


Teaching 
College and university 19. 
High school 

Doing graduate work 

Research 

Research engineering 

Engineering 

Optometry 


Dentistry 

Flight dispatcher 
Salesman 
Biostatistician 
Psychologist 
Patent examiner 
Administrator 
Housewife 
Unemployed 


— 
° 
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TaBLE II. Advanced degrees earned by 
physics major graduates. 


Number 
awarded 
(percent) 


Number 
awarded 
(percent) 


20.4 


Degrees Degrees 


uD 
Pa 
by 


D. (to be awarded 


me 


4.4 
23. 


aps 


Op pEEROD 


OxERE 


3 
28. 
0. 
2. 
0 


Sc. 
. work (no degree) 


5 


ence for one of these degrees, and suggests that 
many of the former students and their employers 
agree with the statement made in one of the re- 
plies to the effect that “‘the courses taken and 
experience acquired constitute the basis of selec- 
tion.’’ About 64 percent of those who checked the 
B.S. were working in the field of engineering, 
engineering research, or allied fields and only 
2.8 percent were teaching. It is apparent that 
for those in the field of teaching and pure re- 
search there was no choice between the degrees, 
but in industry and in engineering projects 
there was a decided preference for the B.S. 


Evaluation of Undergraduate Training 


Table III gives a summary of the comments 
made concerning the evaluation of the under- 
graduate training in physics as preparation for 
graduate study, for employment, and as part of 
a general education. It should be pointed out 
that the results given in this table include re- 
plies from some who had done no graduate work, 
as well as from some who had not sought em- 
ployment, so that some could make no estimate 
concerning graduate study and others would 
have had no experience in seeking employment. 

In addition to requests for comments on the 
general value of the undergraduate training, the 
questionnaire requested specific statements about 
deficiencies that former students had encountered 


TaBLe III. A general estimate of the value of the under- 
graduate training in physics as preparation for graduate 
study, for employment and as a part of the general 
education. 


Excellent Good No 


(percent) estimate 


41.9 io7 
46.2 28.4 
40.3 21.6 


Graduate study 
Employment 
General education 
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in their undergraduate preparation. The replies 
to this part of the questionnaire were so varied 
that only a few are shown in Table IV. 

An examination of the advanced courses listed 
in Table V will show that the physics depart- 
ment of Brooklyn College now offers most of 
the subjects which had been found to be lacking. 
A check of the dates of graduation of those 
students who indicated the above omissions in 
their undergraduate programs shows that, with 
few exceptions, the courses were offered while 
the students were in college. A physics major 
may take as many as 36 credits in elective courses 
which is a number considered adequate for 
graduate work. Many of the replies showed this 
to be the case. A considerable number of the 
graduates stated that they were as well or even 
better prepared than students from other 
colleges. 


TaBLe IV. Areas lacking in undergraduate training in 
physics in preparation for graduate study, employment, 
general education. 


Graduate study Mathematics and mathematical phys- 
ics; theoretical physics; thermody- 
namics; mechanics; electronics ; atomic 
physics; course stressing individual 
initiative. 

Practical applications of physics; shop 
work; electronics. 

Philosophical applications of modern 
theory; history of physics. 


Employment 


General education 


Adequacy of Undergraduate Training in 
Mathematics, Biology, and 
Chemistry 


The next part of the questionnaire pertained 
to the adequacy of the undergraduate training 
in mathematics, biology, and chemistry and the 
results are shown in Table VI. 

As before there were numerous comments on 
the areas lacking in these fields. In matheimatics 
these areas included differential equations, ad- 
vanced calculus, complex variables, vector analy- 
sis, and applied mathematics. Several of the 
papers gave biophysics as lacking in the study 
of biology. Physical chemistry and organic 
chemistry were indicated as areas lacking the 
field of chemistry. Also the comment was made 
a number of times that ‘‘one year of chemistry 
is inadequate.” 

It must be pointed out in connection with 











PHYSICS CURRICULUM 


Table IV and Table VI that all the mathematics 
courses which were there indicated as lacking 
are offered at Brooklyn College; but it is evident 
from the replies that the students were not aware 
of the amount of mathematics needed for gradu- 
ate study. Since a physics major must take chem- 
istry and one year of either biology or geology, 
it appears that some of the graduates took ge- 
ology and did not have the course in biology. A 
number of returns indicated that the students 
had been poorly advised in the matter of pro- 


TABLE V. Intermediate and advanced courses in physics. 








Catalog 

number Course 

11 Mechanics 

12 Heat 

13 Electricity and magnetism 

14 Light 

15 Acoustics 

17 Introduction to atomic physics 

20 Mathematical physics (vector analysis with 
applications to mechanics and electrical 
theory; partial differential equations of 
physics; electromagnetic theory; wave 
mechanics.) 

21 Electron physics 

22:5 Radioactivity and nuclear physics 

22 Analytical mechanics 

23 Introduction to modern physical theories 
(wave and corpuscular aspects of matter 
and radiation in terms of the quantum 
theory; atomic theories and relativity 
theories. ) 

24 Thermodynamics 

25, 26 Advanced laboratory (experiments in optics, 

27, 28 electricity, high temperature measure- 
ments.) 

29 Vacuum tubes and vacuum-tube circuits 

Jt,.30 General astronomy 

33 Meteorology 

34 Descriptive astronomy 

41 History of physics 

84 Seminars 

87 Field work 

88 


Independent reading (approved by a faculty 
advisor with achievement measured by a 
final written examination.) 





gram planning. In general, they admitted that 
where there was a lack it was due to their own 
choice of courses. 

Training in shop work, glass blowing, and other 
manual skills. The value of courses in shop 
work, glass blowing, and other manual skills has 
long been under discussion in the department of 
physics at Brooklyn College. At present none of 
these is offered. Again the questionnaire was 
used to measure the opinions of the students in 
the light of their experiences after graduation. 












AT BROOKLYN COLLEGE 


TaBLeE VI. Has your undergraduate training 
been sufficient in: 





Yes No No 
(percent) answer 
Mathematics 60.7 32.6 6.7 
Biology 40.7 27.4 31.9 
Chemistry 62.2 26.0 11.8 








The comments varied from ‘‘certainly not’’ and 
‘no call for it’ to ‘indispensable’ and ‘“‘—the 
lack of training in all three slowed up my thesis 
work;” also ‘“—the lack of these represents the 
major weakness of the present physics cur- 
riculum.”’ About 3.7 percent indicated that they 
had no use for such work since their interest lay 
in theoretical physics. However, the following 
table shows that there is a real need for some 
kind of training along these lines. 


Suggestions for Changes in the Curriculum 


The questionnaire next called for suggestions 
for additional courses in physics, outside physics, 
topics not at present studied, and changes in the 
order or method of presentation of material. 
Many valuable suggestions were received but 
only those which appeared on more than one 
paper will be given here. The numbers in paren- 
theses indicate the number of papers giving the 
same suggestion. 

Among the additional courses in physics which 
were recommended were: electronics (8), mathe- 
matical physics (8), communications including 
radio, radar, sonar, and television (6), intro- 
ductory course in quantum mechanics (6), bio- 
physics (6), solid state (5), thermodynamics (4), 
ac circuit analysis (4). 

The list included the following courses outside 
physics: advanced calculus (7), differential equa- 
tions (7), complex variables (6), engineering 
courses (6), philosophy of science (4), vector 
analysis (4), drafting (4), statistics (5), physical 
chemistry (4), German (3). 


TaBLE VII. Need for training in shop work and 
other manual skills. 


Yes No No 
Have you felt the need for training in: (percent) answer 
Shop work 60.0 28.9 11.1 
Glass blowing and vacuum work 49.6 33.3 17.1 
Constructing electrical circuits 57.8 28.9 13.3 
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TaBLeE VIII. Estimate of usefulness of 
present physics courses. 


Valuable because Helpful be- 
of subject cause of 
matter laboratory 


Useful in 
graduate work 


Useful in 
employment 


Electricity Electricity Electricity Advanced 
laboratory 
Advanced Electricity 
laboratory 


Light 


Mathematical 
physics 

3 Light 
Electron physics 
Modern physical 
theories 

5 Advanced 
laboratory 


Light 


Mechanics Light 


Mechanics Electron 
physics 
Mathematical 
physics 


Heat 
Mechanics 
Electron 


physics 
Vacuum-tube 
circuits 


The following topics not included in the pres- 
ent courses were suggested: engineering elec- 
tronics (2), ultrasonics (2), electron optics (2), 
heat transfer (2), x-rays (2), solid state (2), 
equipment design (2), research problems (2), 
elasticity (2), employment opportunities. 

Only a few changes were suggested in the order 
of presentation of courses. The most important 
of these were to present both history of physics 
and the advanced laboratory earlier in the elec- 
tive career. 

Under the heading ‘‘More effective means of 
presenting the subject matter,’”’ the following 
suggestions were presented: required course 
level should have inspiring instructors (2), re- 
duce the scope of study (2), place more stress 
on work habits (2), field trips to professional 
research laboratories (5), oral examinations, 
visual aid, seminars (2), closer relationships be- 
tween theory and experiments (2), more initia- 
tive should be required of the student (3), more 
problems (3). 

Lack of space prevents giving more of these 
very useful suggestions. The wide range given 
for “particularly desirable courses outside phys- 
ics’ indicated the many varied interests of our 
students. The courses suggested included ‘‘music 
for those who want to work in broadcasting or 
record cutting,’’ psychological and physiological 
acoustics, public speaking, and “marriage, family, 
and child-parent relationship.’’ Many courses in 
mathematics were named, while statements ap- 
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peared over and over again that ‘‘mathematics 
should be stressed as a valuable tool’’ and ‘‘as 
much mathematics should be taken as possible.” 

Estimate of usefulness of present physics courses. 
The last page of the questionnaire was devoted 
to a check on the courses which are now being 
offered in the physics department, with spaces 
for indicating those most useful in graduate 
work, in employment, in subject matter, and 
those which were particularly valuable because 
of the laboratory work. The intermediate course 
in electricity proved to be the most useful 
among the twenty advanced courses listed. 
Table VIII gives the five most outstanding 
courses as checked in the order of their usefulness. 


SUMMARY 


This survey has served not only to bring the 
files up to date as to addresses, present positions, 
and new degrees, but it has given the physics 
department of Brooklyn College information 
which will be valuable for improving the cur- 
riculum offerings. In the areas where the under- 
graduate preparation was reported to be in- 
adequate, it was found that the students had 
not always taken full advantage of the offerings 
of the departments concerned. It is apparent 
that wise and frequent counseling is needed. 
Recently a new system of curriculum counseling 
has been set up here at Brooklyn College so that 
all students can now avail themselves of this 
help. In general the undergraduate training has 
been sound. This is reflected by the large number 
of graduates who have been stimulated to go on 
for advanced degrees and by the others who 
have done so well in such a wide variety of fields. 
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Student comprehension of certain facts of acoustics is handicapped by conflicting meanings 
of words used in the teaching of elementary physics. The words partial, overtone, and harmonic 
are often treated as synonymous with normal mode of vibration. That normal modes are not 
always harmonic is illustrated by data given for an actual piano string for which the progressive 
“inharmonicity” is such that the fifteenth mode (for example) has a frequency more than 
sixteen times that of the first mode. Measurements reported here for the playing of a cornet 
illustrate that its steady sound is not necessarily (in the sense of the erstwhile synonyms listed 
previously) a ‘‘note compounded of the fundamental and of the partial tones, or overtones, due 
to the segments.’ Vibration antinodes are not always equally spaced in tubular resonators of 
varying cross section. Elementary textbooks often devote considerable space to the just scale, 
even though there is almost no experimental evidence that just scales are employed in actual 
music. On the basis of equal temperament and the standard A of 440 cps agreed upon inter- 
nationally for musical performance, the frequency of middle C is 261.6 cps and not 256 cps 


as often cited. Terminology to clarify matters is recommended. 


HE title of this paper contains three of a 
number of words whose conflicting mean- 
ings cause trouble for the student of elementary 
physics. The recent revision of American Stand- 
ard Acoustical Terminology' constitutes an appro- 
priate occasion on which to call attention to 
difficulties in terminology which hinder par- 
ticularly the interchange of thought about the 
acoustics of musical instruments. A sizeable part 
of the difficulty can be traced to textbooks and 
the teaching of physics. Accordingly, this paper 
is addressed primarily to those who write and 
teach. 

Illustrative examples have been drawn largely 
from physics textbooks. The selection of any one 
book is largely fortuitous; the terms under con- 
sideration are used by many contemporary 
writers, so other books might be found to illus- 
trate the points as well. 

Definitions printed in boldface type are quoted 
directly from the Standard. The illustrative ex- 
amples which follow the definitions have been 
selected to emphasize the necessity for an un- 
ambiguous terminology. Comments are largely 
based on the writer’s experience and should be 
recognized as reflecting his prejudices. 


1 This Standard is identified as Z24.1-1951. It is obtain- 
able for $1.50 from American Standards Association, 70 
East 45th Street, New York 17, New York. A major part 
of the definitions can also be found as ‘‘Standards on elec- 
troacoustics: definition of terms, 1951,’’ Proc. I.R.E. 39, 
509-532 (1951). 


Some 1200 items are indexed in the American 
Standard Acoustical Terminology Z24.1-1951. The 
reader is urged to find out for himself the wealth 
of information which is concentrated into this 
and other Standards published by the American 
Standards Association. 


NORMAL MODE OF VIBRATION 


A normal mode of vibration is a characteristic 
distribution of vibration amplitudes among the 
parts of a system, each part of which is vibrating 
freely at the same frequency. 

In essence this definition says that a normal 
mode of vibration is a natural way for a system 
to vibrate freely. The term can be used quite 
satisfactorily in an elementary textbook (as the 
late Professor Jones? has well demonstrated) but 
commonly one finds the words overtone, partial, 
and/or harmonic in discussions about the vibra- 
tions within organ pipes. 

The popular lecturer Tyndall was influential 
in establishing the word ‘‘overtone.” Just a few 
years after Helmholtz’ monumental Tonempfin- 
dungen first appeared in Germany, Tyndall 
wrote 3 

‘All bodies and instruments, then, employed 
for producing musical sounds emit, besides their 


2A. T. Jones, Sound, A Text Book (D. Van Nostrand and 
Company, Inc., New York, 1937). 

3 John Tyndall, Sound (D. Appleton-Century Company, 
Inc., New York, 1873), first U. S. edition, p. 117. 
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fundamental tones, tones due to higher orders 
of vibration. The Germans embrace all such 
sounds under the general term Oberténe. I think 
it will be an advantage if we, in England, adopt 
the term overtones as the equivalent of the term 
employed in Germany.” 

Ellis refrained from the use of the word over- 
tone, recording in a lengthy footnote‘ his reasons. 
He observed that ‘‘The German ober is an ad- 
jective meaning upper, but the English preposi- 
tion over is equivalent to the German preposition 
tiber.---Finally I would caution the reader 
against using overtones for partial tones in gen- 
eral, as almost everyone who adopts Professor 
Tyndall’s word is in the habit of doing.” 

Little was Ellis’ admonition heeded: ‘‘Most 
bodies vibrate in segments at the same time as 
they vibrate as a whole, and therefore produce a 
note compounded of its fundamental and of the 
partial tones, or overtones, due to the seg- 
ments.---Overtones whose frequencies are in- 
tegral multiples of the frequency of the funda- 
mental are called harmonics; all others are called 
simply overtones.”’> Not all writers, however, 
emphasize the requirement of integral ratios for 
harmonics; for example, “The column of air 
within the pipe can vibrate either as a whole 
(which gives the ‘fundamental’ tone of the pipe) 
or in successively smaller fractions of its whole 
length. Fractional vibrations (which can and do 
occur simultaneously with the fundamental vi- 
bration and with each other) give higher sounds, 
much less intense than that of the fundamental, 
which are called ‘upper partials’ or ‘harmonics’ 
of the fundamental tone.’’® From statements 
such as these the student gains the impression 
that a normal mode of vibration, overtone, par- 
tial, and harmonic are one and the same. In 
original definition they are! 

Three kinds of difficulties attend the use of 
these erstwhile synonyms. The numbering is 
confused, harmonic bears the additional con- 
notation of integral frequency ratio, and the 
word overtone conjures up the picture of musical 
quality. 

4H. L. F. Helmholtz, Sensations of Tone, translated by 
A. J. Ellis (Longmans, Green and Company, New York, 


1885), second English edition, p. 25. 

'F. L. Robeson, Physics (Macmillan Company, New 
York, 1942), p. 272. 

6D. N. Ferguson, A History of Musical Thought (F. S. 
Croft and Company, New York, 1935), p. 124. 


ROBERT W. YOUNG 


Probably most people who employ’ these tra- 
ditional terms call (for example) the second mode 
of vibration of an ‘‘open”’ cylindrical organ pipe 
the first overtone or second harmonic, and for 
the ‘‘closed’’ pipe they call the third mode the 
second overtone and the fifth harmonic. With a 
little search, however, one can find a text® in 
which the fundamental is called the first over- 
tone, and another text® in which the second 
harmonic has a frequency three times that of the 
fundamental frequency. 

That numbering causes trouble is illustrated 
in one popular text!° where ‘‘A closed pipe has 
only the odd overtones,” yet in an adjacent 
table reference is made to the second overtone 
of a closed pipe. In assigning mode numbers to 
simple resonators there is a choice" of several 
methods. Usually modes are numbered in in- 
creasing order of complexity starting with the 
one of lowest frequency as first. According to 
another method, however, the integer assigned 
is approximately proportional to the frequency 
of the given mode; the mode numbers for a 
closed pipe are thus 1, 3, 5, etc. The present 
writer once espoused this method; he now pub- 
licly apologizes for any confusion he may have 
contributed to this generally confused picture. 

Nowadays there is reasonably general agree- 
ment that ‘‘a harmonic is a sinusoidal quantity 
having a frequency which is an integral multiple 
of the fundamental frequency of a periodic 
quantity to which it is related.” In an ele- 
mentary text” the idea may be expressed, ‘“‘When 
the frequencies of the partials constituting the 
sound are in the ratio 1:2:3:4:5:6:7, etc., the 
partials are called harmonics---.’’ Two pages 
later, in the book just quoted, there appears 
“In the tone of a gently blown horn or a softly 
struck piano note, the first five or six harmonics 
are present.’’ Does the author mean merely that 


. ™H. F. Olson, Elements of Acoustical Engineering (D. 
Van Nostrand and Company, New York, 1940), p. 47. 

8 A. E. Caswell, An Outline of Physics (Macmillan Com- 
pany, New York, 1938), p. 484. 

9A. Wilmer Duff (editor), Physics for Students of Science 
and Engineering (The Blakiston Company, Philadelphia, 
Pennsylvania, 1926), sixth edition, p. 548. 

10H. B. Lemon and M. Ference, Jr., Analytical Experi- 
mental Physics (University of Chicago Press, Chicago, 
1946), p. 450. 

1 R. W. Young, J. Acoust. Soc. Am. 20, 345 (1948). 

2 Karl Geiringer, Musical Instruments (Oxford Univer- 
sity Press, New York, 1945), p. 9. 








the first five or six modes of vibration are excited 
on the piano string or does he intend to imply 
also that the frequencies are rigorously related 
as integers? 

The string of elementary theory is uniform, 
thin, and flexible, and it vibrates between un- 
yielding supports. It is entirely proper to use 
these simple assumptions in approaching the 
subject for the first time. To leave the impression 
that actual piano strings are so‘ideal is unwar- 
ranted; the strings are stiff and there is neces- 
sarily some yielding of the bridge. 

Consider some experimental evidence on the 
vibrations of piano strings. In the middle column 
of Table I are shown the frequencies of the dif- 
ferent free vibrations of the lowest C string on a 
not very large upright piano; these are somewhat 
smoothed values. The mode numbers appear in 
ascending order in the first column. In the final 
column are the respective ratios to the lowest 
frequency. Note the progressive departure from 
integral ratios; the fifteenth normal mode has a 
frequency slightly more than sixteen times that 
of the first mode. 

While the example just given is a fairly ex- 
treme one, the departure from harmonic values 
(i.e., the ‘“inharmonicity’’) is measurable in 
almost all actual piano strings. Thus one must 
conclude that the sounds of piano strings do not 
consist of harmonics. The student is hardly pre- 
pared for this fact if he reads only that ‘‘the 
possible frequencies of vibration of the string 
are proportional to the integers 1, 2, 3, 4, and 
so on.’ If an elementary discussion must be 
very brief, at least the words ‘uniform and 
flexible’ can be introduced as a warning that the 
discussion applies to an ideal string. 

Next consider overtone or partial in relation 
to musical quality. ‘Differences in musical qual- 
ity of tone depend solely on the presence and 
strength of partial tones---.’’ This classic defi- 
nition“ (with perhaps the words partial tones 
replaced by overtones) appears in almost all 
physics textbooks. Does it mean that the complex 
sound which issues from a cornet is a mixture 


13 Erich Hausmann and E. P. Slack, Physics (D. Van 
Nostrand and Company, Inc., New York, 1939), p. 550. 

4H. L. F. Helmholtz, On the Sensations of Tone, trans- 
lated by A. J. Ellis (Longmans, Green and Company, 
London, 1885), second edition, p. 127. 5 : 
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TABLE I. Frequencies of normal modes of vibration of 
the low C string in an upright piano. 


Mode Frequency 
no. (cps) Ratio 
15 525.8 16.076 
14 486.5 14.875 
13 448.1 13.701 
12 410.3 12.546 
ya | 373.5 11.421 
10 337.4 10.317 
9 301.9 9.232 
8 266.8 8.159 
| 232.4 7.106 
6 198.4 6.066 
5 164.7 5.038 
4 131.4 4.018 
3 98.39 3.008 
2 65.52 2.003 
i 32.70 1.000 


compounded from different normal modes of 
vibration? 

Table II is a kind of graphical tabulation of 
frequencies produced by a popular model of 
cornet. Along the bottom of the table are the 
“‘open’’ notes—the notes to be played without 
the use of valves. (In the particular notation'® 
here employed middle C is C4.) Since this is a Bp 
cornet, a C has actually the frequency of a Bb, 
etc. Nominal mode numbers are shown on the 
line next to the bottom. In the body of the table 
each number set in boldface type is the measured 
frequency for that mode of vibration. The sound 
from this cornet was steady; the complex wave 
form in such cases is constant as viewed on a 
cathode-ray oscilloscope. Thus one concludes 
that the sound wave is periodic and representable 
by a Fourier series; the fundamental frequency 
of the series is the one shown in boldface type. 
The frequencies of the harmonic components 


TaBLE II. Frequencies of the “open” notes of a Bb 
cornet, in cycles per second. The frequencies of the dif- 
ferent modes of vibration are in boldface type; the fre- 
quencies of harmonic components are in ordinary type. 








1167.0 1175.4 
933.6 935.0 948.6 
700.2 699.6 706. 
587.7 
466.8 467.5 
233.4 
Ratio 2.000 2.998 4.007 5.037 6.053 8.130 
Mode Z 3 4 5 6 8 
Note Cy Gy Cs Es Gs Ce 








16 R, W, Young, J. Acoust. Soc. Am. 11, 134-139 (1939). 
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have been found simply by multiplication and 
inserted in the table above «he respective funda- 
mental frequencies. 

Ratios of the frequencies in boldface type are 
also given in Table II, the ratio 2.000 having 
been arbitrarily assigned to the second mode. It 
is apparent that the frequencies of the second, 
third, and fourth modes are essentially in the 
ratio of 2:3:4. The frequencies of the fifth, 
sixth, and eighth modes, however, depart appre- 
ciably from the integral ratios. While the player 
has considerable latitude'® in the way he plays, 
he is unable to bring the eighth mode down to 
where its frequency is four times that of the 
second mode without serious degradation of the 
character of the sound. Different players and dif- 
ferent mouthpieces may affect details but the 
tendency toward sharpness on the higher modes 
is quite typical. 

The measured frequencies given in boldface 
type in Table II are the means of forty readings 
with one player; the consistency was such that 
the coefficient of variation of these means is less 
than 0.1 percent. Three of the departures from 
integral ratios are statistically significant: the 
modes of vibration are not necessarily harmonics 
in the strict meaning of the word. 

In connection with musical quality observe 
that frequencies on any given horizontal line in 
Table II are not exactly the same. For example, 
the frequency of the eighth mode is appreciably 
higher than the second harmonic of the fourth 
mode or the fourth harmonic of the second mode. 
The steady sound emitted by a cornet (and other 
wind instruments for that matter) is not simply 
a “‘note compounded of the fundamental and of 
the partial tones, or overtones, due to the 
segments.’’® 

It is worth remembering that the present 
remarks about the cornet apply to maintained 
vibrations, while the foregoing remarks about 
the piano concern free vibrations. It is often 
assumed that in a resonator such as a cornet the 
steady vibrations are maintained at the fre- 
quencies of free vibration. It is difficult to verify 
such an assumption experimentally (plausible 
though it is) because as soon as the player closes 

16 ““Avec-tes lévres on obtient ce qu’ on veut,” H. 


Bouasse, Instruments @ Vent (Libraire Delagrave, Paris, 
1929), Vol. I, p. 310. 
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his lips and stops blowing, the resonating system 
is no longer that which existed during the steady 
state. The different modes of steady vibration 
in the cornet have not been called here normal 
modes; maybe some entirely new term is needed. 
Moreover, the free vibrations of the piano strings 
are modified slightly by the presence of damping, 
so there may even be a question whether they 
should be termed normal modes. 

The foregoing discussion has pointed up pos- 
sible ambiguities when the words overtone, par- 
tial, harmonic, and mode of vibration are used 
interchangeably. Mode of vibration appears to 
be fairly free of difficulty, except that an indica- 
tion is needed as to how the vibration is main- 
tained. Harmonic is a very useful word if one 
can depend upon an integral frequency rela- 
tionship. Partial can still be employed satisfac- 
torily as the constituent of a complex sound, 
provided it is freed of its connotation as a normal 
mode of vibration. Overtone is simply disposed 
of by following Ellis’ advice; don’t use it. 


HARMONIC SERIES OF SOUNDS 


A harmonic series of sounds is one in which 
each basic frequency in the series is an integral 
multiple of a fundamental frequency. The basic 
frequency in this definition is simply the one con- 
sidered most important; for the present dis- 
cussion it may be taken as the fundamental 
frequency in a periodic wave. 

The phrase ‘‘harmonic series of sounds’”’ is 
offered as more descriptive and capable of more 
precise definition than the “chord of nature’’ or 
‘harmonic series” often encountered in books on 
musical acoustics. Jf it had happened that the 
frequencies of the modes of vibration of the 
cornet in the example discussed above had been 
related as integers, then the instrument would 
have produced a harmonic series of sounds, each 
sound of which consisted of a series of harmonic 
partials. Bessaraboff'” suggested harmonic scale 
of tones for this concept, noting that it is “‘repre- 
sented by the same notes as the harmonic series 
of frequencies, each note in this case symbolizing 
a compound tone.” 

The mathematician will recognize at once that 


17 Nicholas Bessaraboff, Ancient European Musical In- 
struments Harvard University Press, Cambridge, 1941), 
p. 43 
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in the definition quoted above the basic fre- 
quencies form an arithmetic series, and not a 
harmonic series. In the original sense the har- 
monic series referred to aliquot parts of the 
length of a vibrating string or vibrating air 
column, and thus to the corresponding periods 
of vibration. In simple theory, the periods thus 
constitute a harmonic series; but since frequency 
is the reciprocal of the period it is now common 
practice for acoustical and other purposes to 
define the harmonic series as indicated. 


NODE 


Nodes are the points, lines, or surfaces in a 
standing wave system where some character- 
istic of the wave field has essentially zero ampli- 
tude. The definition is general in that it applies 
to ‘“‘some characteristic’? which of course needs 
to be specified. This is usually done by the use 
of an appropriate modifier, e.g., pressure node. 

A faulty impression is frequently conveyed 
about the general relation between the positions 
of nodes and antinodes in standing waves. Often 
such discussions are based upon the standing 
wave in a cylindrical tube, but rarely is the fact 
pointed out. For example, the subject is intro- 
duced in a popular text'* by ‘‘compressional 
waves traveling along a tube of finite length are 
reflected at the ends of the tube in much the 
same way that transverse waves in a string are 
reflected at its ends.’’ Then follow remarks about 
reflections at open and closed ends, the function- 
ing of musical wind instruments, and reference 
to a diagram. ‘“‘The standing pressure waves in 
the pipe are shown; the displacement nodes are 
located at the pressure antinodes and vice versa. 
Remembering that the nodes of a standing wave 
pattern are separated by a half-wavelength, it 
is evident: --.’’ The legend to the diagram notes 
that “A displacement antinode is located at each 
pressure node.’’ While it is true that the diagram 
indicates a cylindrical organ pipe, the introduc- 
tion refers merely to ‘‘a tube’’ and there is noth- 
ing to warn the reader that he should not apply 
the words verbatim to a tube of varying cross 
section, such as a trombone. The conical tube can 
be used as a convenient textbook!® example to 

18 F, W. Sears, Principles of Physics, I (Addison-Wesley 
Press, Cambridge, Massachusetts, 1946), p. 498 


19 E. H. Barton, A Text-book on Sound (Macmillan Com- 
pany, 1908), pp. 254-261. 
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demonstrate that displacement antinodes are 
not necessarily located at pressure nodes, nor 
are they necessarily spaced equally at half- 
wavelength intervals. 


ANTINODE 


Antinodes are the points, lines, or surfaces in. 
a standing wave system where some character- 
istic of the wave field has maximum amplitude. 

It is well known that the frequency of an 
open organ pipe of constant cross section can be 
computed from very elementary theory (which 
involves distances between velocity antinodes at 
the ends), provided the length used in the com- 
putation is the actual length plus ‘“‘end correc- 
tions.’’ These corrections are simply empirical 
conveniences to facilitate computation; they do 
not necessarily describe the precise physical 
phenomena at the open ends. Apparently the 
simple theory has been retold so many times 
that there is now the persistent impression”® that 
an antinode is actually situated beyond the open 
end of the pipe. Such is the implication of many 
elementary texts. Experiment,”! on the other 
hand, shows the particle velocity dropping off 
rapidly beyond the open end, with no indication 
of an antinode out in space. 


PITCH 


Pitch is that attribute of auditory sensation in 
terms of which sound may be ordered on a scale 
extending from low to high, such as a musical 
scale. 

“That pitch is not the same as frequency has 
already been amply demonstrated. That pitch is 
a function of frequency is a fact too obvious to 
need argument. How pitch is related to fre- 
quency, however, has long been a vexatious 
problem disputed by musicians and psychologists 
alike. Pitch differs from frequency in that pitch 
is determined by the direct response of a human 
listener to a sound stimulus, whereas frequency 
is measured with the aid of instruments.’’” 

A first note to the definition in the Standard 
points out that while pitch depends primarily 


20 Alexander Wood, The Physics of Music (Methuen and 
Company, Ltd., London, 1947), fourth edition, p. 126. 

21R. W. Young and D. H. Loughridge, J. Acoust. Soc. 
Am. 7, 178-189 (1936). 

22S. S. Stevens and J. Volkmann, Am. J. Psychol. 53, 
329-353 (1940). 
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upon the frequency of the sound stimulus it also 
depends upon the sound pressure and wave form 
of the stimulus. The evidence that pitch does 
not depend upon frequency alone has been ac- 
cumulating for more than a century,” but only 
recently has the fact been recognized in many 
physics books. For example, in a first edition of 
“a survey textbook the statement appears that 
‘the term ‘pitch’ as used by physicists is equiva- 
lent to frequency.’’ The statement was probably 
true to a large degree in 1930, but it is gratifying 
to find in the 1943 edition of the same text on 
page 302 that “pitch and frequency are not 
identical.”’ 

Often it has been difficult to distinguish be- 
tween a measurement of pitch and a measure- 
ment of frequency because the former has been 
expressed in terms of the frequency of a reference 
tone. Within recent years a scale of pitch in 
which the mel is a unit has been received favor- 
ably. The meaning of this distinctive unit for 
pitch is given elsewhere.!:?:8 


STANDARD PITCH 


The Standard Pitch is based on the tone “‘A” 
of 440 cycles per second. 

The word pitch is retained in this definition 
to provide continuity with practice of long 
standing; really what is specified is a standard 
frequency. In the American Standard Acoustical 
Terminology Z24.1-1951 a table accompanies 
the definition, which gives the frequencies of the 
equally tempered scale, based on the standard 
“A” for the entire range of the piano. A note 
calls attention to the fact that on this basis, 
middle C has a frequency of 261.6 cycles per 
second. 

It may be observed that there is nothing in 
the main definition (and properly so) which re- 
fers to temperature. A note does, however, point 
out that musical instruments are to be capable 
of complying with the standard when played 
where the ambient temperature is 22°C. Con- 
fusion has arisen in the past which can be traced*® 
to a statement of the temperature at which a 


23S. S. Stevens and H. Davis, Hearing: Its Psychology 
and Physiology (John Wiley and Sons, Inc., New York, 
1938), p. 70. 

“FF, MK. Saunders, A Survey of —— (Henry Holt and 
Company, New York, 1930), p. 

2. S. Lloyd, J. Roy. Soc. = *, 74-85 (1949). 
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standard fork was to be maintained in order that 
it should produce the standard frequency. 

Perhaps a defect in the Standard is that there 
is no indication of what deviation from the stated 
frequency is to be considered acceptable. It is a 
challenging research problem to investigate the 
question. The writer is aware of only one instance 
in which a tolerance has been specified. In the 
official German newspaper Reichsanzeiger for 
14 February, 1938, the Physikalisch-Technische 
announced that an effort must be made in Ger- 
many to construct and play musical instruments 
in accordance with the A of 435 cycles per second, 
and that in no case was a standard higher than 
440 cycles per second to be employed. 

The history of musical pitch is “confused and 
confusing.’’® The writers of physics textbooks 
have contributed to that confusion by the con- 
tinued use of ‘“‘philosophical pitch’’ according to 
which middle C has a frequency of 256 cycles 
per second. Likewise, the picture is not clarified 
in the mind of the student when he finds ‘‘musi- 
cians’ concert pitch is based on a middle C of 
264 vps.”’?? Certainly the piano tuner who would 
observe such a standard would properly be 
accused of tuning his pianos too sharp. The book 
just quoted does indicate that this C is derived 
from an A of 440 cycles per second, upon the 
assumption of a certain just scale, but the fre- 
quencies for the entire piano, shown in an adja- 
cent full page chart, are given only for ‘‘physical 
pitch” and the A of 435 cycles per second. The 
latter A has not been a musicians’ standard in 
the United States for more than 30 years! 

The significance of the just scale for the prac- 
tical music of today certainly is not established : 
“Perhaps just intonation is but the product of 
the mathematical philosopher or the acoustical 
laboratory and has little existence in effective 
musical performance.’’?* Therefore, in books in 
which only a little space can be devoted to the 
subject of musical acoustics it would seem wise 
to abandon the traditional material about the 


26D. C. Miller, Anecdotal History of the Science of 
Musical Sound (Macmillan Company, New York, 1935), 
58 


‘a7 FL. Robeson, Physics (Macmillan Company, New 
York, 1942), p. 278. 


F. Nickerson, J. Acoust. Soc. Am. 21, 593-595 
(1948). 
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just scale (and physical pitch) and to discuss”® 
simply the equally tempered scale based on the 
A of 440 cycles per second. Such a simplified dis- 
cussion could be just as scientific and certainly 
more practical than that frequently found in the 
textbooks of the day. Suitable material in ele- 
mentary physics textbooks could help signifi- 
cantly in bridging the gap between the thinking 
of the physicist and the musician. For the sub- 
ject at hand the cooperation of both is certainly 
required, ‘‘the former to decide the pitch, the 
latter to help the musician to use and maintain 
the pitch selected.’*° The assistance of the 
scientist in maintaining standards is very im- 
portant. 


RECOMMENDED ACTION 


It can hardly be expected that the publication 
of these remarks will reform overnight the ways 
in which certain words are employed in ele- 
mentary acoustics; indeed it is not contended 
that all conflicts have been resolved. Neverthe- 
less, as a start toward clarifying the issues the 
following action is recommended : 


29 Perhaps the textbook writer should be warned at this 
point not to duplicate without scrutiny the first chart of 
frequencies and playing ranges of musical instruments 
that comes to hand. About 25 years ago a chart was pub- 
lished by the Music Industries Chamber of Commerce in 
which the playing range of not a single woodwind instru- 
ment was correctly shown. ‘‘New’’ versions of that chart 
appear from time to time—with the old errors faithfully 
duplicated. 


30 British Standard 880:1950 ‘‘Musical Pitch,’’ obtain- 
able from British Standards Institution, 24/28 Victoria 
Street, London, S. W. 1, price 2/6 post free. 


President James B. Conant will offer a course for high 
school science teachers in the Harvard Summer School of 
1952. The course, ‘‘The Methods of Science,’’ will be the 
core of a special program in science education planned for 
the summer school. The development of major scientific 
concepts will be illustrated by the study of the actual work 
of scientists. Relations in high school science teaching 
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1. Warn the student that terms with mul- 
tiple meanings exist in the literature. 

2. Try to avoid the word overtone. 

3. Use mode of vibration for the character- 
istic vibration. 

4. Restrict harmonic to strictly integral 
ratios of frequency. 

5. Employ partial only as the name of a 
simple component of a complex sound. 

6. In discussions of the simple equation for 
the vibrating string make it clear that 
the string is uniform and flexible—or at 
least say it is “‘ideal.”’ 

7. Bear in mind “that pitch is not the same 
as frequency.”’ 

8. Use a context which distinguishes among 
free vibrations; steady, maintained vi- 
brations ; the components of the complex 
air-borne wave propagated from vibrat- 
ing source to listening ear; and the re- 
sulting sensation. 

9. Remember that the frequency of the 
standard A is 440 cycles per second; 
middle C is thus 261.6 cycles per second. 

10. Instead of solely the deductions from 
oversimplified theories, acquaint the 
student with experimental facts as well. 
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between factual information and knowledge of the methods 
of science will be emphasized. 
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C. V. Boys’ Rainbow Cup 


N article! by Professor John Satterly entitled “C. V. 
Boys’ Rainbow Cup and Experiments with Thin 
Films” contains the statement in the beginning paragraph, 


“In 1912 C. V. Boys demonstrated his little invention 
of the rainbow cup to the Royal Society of London. 
It may not be known on this side of the Atlantic and 
so I wish to describe it and some of the experiments 
that may be made with it. The cup may be obtained 
from Griffin and Tatlock, Kemble St., Kingsway, 
London, W. 1.” 


The Central Scientific Company has listed in its general 
catalog for at least the past twenty years an identical ap- 
paratus and has supplied the soap solutions which are used 
in making the demonstrations described in Professor 
Satterly’s article. These experiments are also described 
in several American physics laboratory manuals and text- 
books and probably are quite well known on this side of 


the Atlantic. 


H. M. SULLIVAN 
Central Scientific Company 
Chicago, Illinois 


1 John Satterly, Am. J. Phys. 19, 448 (1951). 


Further Remarks on Demonstration Experiments 


HAVE suggested in an earlier note that the value of a 
demonstration experiment in the classroom is sub- 
stantially enhanced if the student is required to write up 
the experiment after he observes it. However trivial a 
demonstration experiment, it is amazing to discover how 
little, actually, the student has really observed. Even 
admitting that he has observed well, what assurance have 
we (or indeed has he) that what happened is understood? 
If, now, certain peculiar features in the behavior of nature 
are pointed out to him, his thinking along original lines 
will be incited. Invariably, these peculiar details are not 
found in textbooks, since they are often extensions of the 
explicit purpose of the experiment. On this account the 
teacher often fails to point them out. In general, we cannot 
expect the student to see the peculiar features himself, for 
he is intent on watching the gross phenomenon. An ele- 
mentary illustration of what I mean here is the following: 
We can demonstrate atmospheric pressure by arranging 
a piece of rubber innertube across the open mouth of a bell 
jar and evacuating on a pump plate. The rubber is forced 
into the evacuated bell jar and after alarming extension 
bursts with a loud report. This we have all shown. The 
gross purpose of the experiment has been met. But let us 
now look a little further at it. 
The innertube is invaginated, the expanding membrane 
growing larger and larger spherically within the bell jar, 
and the stretch taking place, so to speak, radially from 


the bottommost point of the sphere of stretched rubber. 
In this highly distended configuration it bursts with a 
loud report, (where did this come from?), and the rupture 
moves out along the spherical membrane in many direc- 
tions from this lowest point. That is, there is no single tear 
but rather a number of tears. There is thus left an array 
of spokes of rubber which, at the instant of bursting, are 
pointing down into the bell jar. Instantly after the ex- 
plosive rupture these spokes of rubber are found pointing 
upward out of the bell jar. This is peculiar and the student's 
attention should be directed to it. Why do they now point 
upward out of the bell jar? This may sound trivial but I 


suggest you try it on your class. 

Jutius SUMNER MILLER 
Dillard University 
New Orleans, Louisiana 


The Laboratory Practical 


ECENT notes and letters in this journal have evi- 

denced an increasing interest in laboratory examina- 
tions.!-3 It therefore seemed pertinent to describe one more 
such test, as used at the University of Louisville in 1947. 
Not long after this test was given its authors departed for 
graduate schools, and hence its results have never been 
completely analyzed. But the following remarks may be 
useful to other teachers of physics. 

The examination was frankly imitative of the admirable 
“Laboratory Practicals” given frequently in our biology 
department. These tests involve practical application of 
material to which particular attention has been given in the 
laboratory. They inspire in the biology student an attention 
to business which he is unlikely to exhibit in his physics 
laboratory—as many an instructor of premedical physics 
will be able to attest. They serve the additional purpose of 
helping evaluate the student’s performance. 

The laboratory practical in biology is concerned with 
identification and classification of specimens previously 
examined under the microscope. As applied to physics, 
considerable extension of the type of question was called 
for. But the general mechanics of administering such a 
test could be taken over bodily from the procedure followed 
in the biology laboratory. 

Twelve “stations” were set up, spaced as far apart as 
practicable in the laboratory room. At each station was 
placed a piece of apparatus, or perhaps a graph or drawing, 
and a printed card on which appeared one or more ques- 
tions. The students were admitted to the room a dozen 
at a time. Each started at a different station and entered 
his answers to the questions on a mimeographed form 
which he carried with him. At the end of two minutes a 
signal was given, and each student moved on to the next 
station. Using this procedure it was possible to administer 
the test to twenty-four students in an hour, by dividing the 
class into two groups. Since the test was being given to 
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several laboratory sections in a week, it was necessary to 
vary the questions from time to time. A total of 223 
students took the examination. 

The following principles were used in planning the general 
character of the test and designing the individual stations: 

1. The test should refer to facts and principles which 
can be better learned in the laboratory than in the class 
room. 

2. The student should be confronted with actual labora- 
tory equipment and situations. 

3. However, he should not be asked simply to recall 
experimental procedures, but preferably to show his grasp 
of principles illustrated in the experiments. 

Below is a description of some of the questions used, 
together with comments on the responses they produced. 
The reader will gather that heat and light were the topics 
of the quarter during which this test was tried out. 

1. Spectrometer —A spectrometer was set up to display 
the bright line spectrum from a concealed discharge tube. 
Charts of various common spectra were provided, and the 
student was to identify the element by this simple means. 
About 75 percent were successful. 

2. As a variant on this, a calibration curve for the in- 
strument was supplied and the student asked to determine 
the wavelength of a specified spectrum line. 

3. Color of transmitted light——The slit of a spectroscope 
was directed at an incandescent lamp, and its lower half 
was covered by a concealed piece of colored gelatine. From 
the appearance of the absorption spectrum, the student was 
to infer the color of the filter. Fewer than 50 percent were 
able to do this successfully; evidently the principles in- 
volved had not been made clear in laboratory. Successes 
averaged higher for a red gelatine than for a blue-green one. 

4. Image formation by a lens.—A diverging lens was used 
to form the image of a pointer. The student was simply 
to describe the image observed (that is, as ‘virtual, erect, 
and diminished’). Eighteen percent declared the image 
to be enlarged, eleven percent thought it was real, and there 
were a few who asserted that it was inverted! These results 
show clearly that the terms we conventionally use to 
describe images often have no real-life significance to the 
student. 

5. Measuring the focal length of a lens.—The usual optical 
bench with luminous object and screen was provided, and 
the student, after obtaining a sharp image on the screen, 
was to ascertain object and image distances. An instructor 
was on hand to see that the image was thrown out of focus 
before the next student started to use the apparatus. The 
most common mistake was to mistake the image distance 
for the focal length. A frequent sin of omission was to take 
it for granted that the screen was in the right position, 
without bothering to observe whether the image was sharp. 

6. Index of refraction of glass.—To save time a large scale 
drawing was provided of a ray of light passing through an 
air-glass boundary. A protractor and table of trigonometric 
functions were supplied, and the student had to measure 
the appropriate angles and know what to do with them. 
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Most students knew the proper equation—perhaps from 
the lecture part of the course—but they frequently 
picked the wrong angles. 

7. Indentification of calorimeter—The questions were 
merely, ‘what is the name of this piece of equipment?” 
and “what is it used for?” If the reader supposes that all 
his students recognize a calorimeter when they see one, he is 
invited to try this question on them. Some who do know, 
what it is may not be able to spell it. 

8. Thermal capacity of calorimeter cup.—Supplied were a 
calorimeter cup with its specific heat stamped on it, a 
balance, and weights. This station, like the one on the focal 
length of a lens, seemed to bring to light the students who 
were careless. Common tendencies were: to fail to use the 
rider on the balance scale; and to take it for granted that 
the system was in balance, just as the student found it. 

9. Heat losses of calorimeters.—The equipment consisted 
of two calorimeters, one with a bright polish, the other tar- 
nished and dull. The student was to decide which of these 
might be expected to yield the more accurate results when 
used in an experiment. Care had to be taken to use calorim- 
eters as nearly identical as possible (except in the one 
significant respect) to avoid leading the students to single 
out some unimportant difference. 

The above list will serve to show the type of questions 
used. Others covered such topics as: focal length of a lens 
from its dioptry, identification of thermometric scales, 
thermal expansion, use of a mercury manometer, lens 
aberrations, refraction by a prism, and diffraction gratings. 

We were well satisfied with the results of this test, and 
found that it did indeed discriminate between students 
whose laboratory-report averages were alike. It correlated 
satisfactorily with over-all performance in the course. 
There was no significant difference between the scores of 
engineering and arts students. 

In some of the smaller classes, where fewer than twelve 
students were in the examination room at once, the ‘‘two- 
minute” rule was waived. A student who had finished at 
one station was allowed to move on to any available 
vacancy, while a slower student was permitted to linger 
over a question which puzzled him. We were not able to 
see that the scores for these classes were any higher than 
those for the classes which were timed. This would seem 
to strengthen the probability that scores obtained under 
the timed conditions were reasonably valid igdications 
of the students’ ability. 

Such an examination takes time and effort to prepare, 
and requires that laboratory rooms and hours be devoted 
to giving the test rather than to performing additional ex- 
periments. Some instructors may feel that the space and 
time cannot be spared. But we urge that this method be 
tried and developed by all who wish to make the general 


physics laboratory more meaningful. 

Cart E. ADAMS 
University of Louisville P 
Louisville, Kentucky 


1J. S. Miller, Am. J. Phys. 19, 191 (1951). 
2W. H. Kinsey and R. A. Rhodes, II, Am. J. Phys. 19, 246 (1951). 
3: B, H. Wender, Am. J. Phys. 19, 438 (1951). 
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ANNOUNCEMENTS AND NEWS 


Book Reviews 


The Photographic Study of Rapid Events. W. D. CHESTER- 
MAN. Pp. 200+xiii, Figs. 74, 14.5X22 cm. Oxford 
University Press, London and New York, 1951. 
Price $4.25. 


Photographic recording of events which are too rapid 
for direct visual observation has become indispensable to 
the scientific worker. It is regrettable that photographic 
instrumentation is not generally treated as an independent 
subject, and that an adequate textbook on such techniques 
is nonexistent. 

The author does not intend his publication to be a 
thorough study of the subject, but states: ‘This monograph 
is not a text-book. The photographic methods which are 
used for the study of rapid events are now so diverse that 
I cannot hope to give more than a general basis of some of 
the more important experimental methods.” 

The aim of the author has resulted in a useful narrative 
monograph, lacking in scientific rigor. Typical examples of 
this lack of rigor can be found in Chap. V-3, where the Kerr 
cell principle is loosely described as ‘‘...the power of 
rotating the plane of polarization of light...;’ or in the 
repeated references to explosive reactions with rates as 
high as 5000 meters per second; or, in Chap. XI-4, “. . .has 
led to the development of explosive light sources such as 
pentolite.’’ Also, Plate XX, described as a Schlieren photo- 
graph, is at least partially a direct slit-streak exposure. 

Chapters I and II of Part I cover a system of classifica- 
tion of cameras by repetition rate (framing rates) using 
factors of 24X10", with m ranging from 0 to 5. The general 
trend in this country is toward classifying cameras by 
type; i.e., intermittent, optical compensator, rotating-drum 
or mirror-streak camera, rotating-drum or mirror-framing 
camera, image dissectors, etc. This seems to be more natural 
than to suggest that a type of camera be characterized by 
a framing rate. Lighting is adequately covered in Chap. ITI. 
Chapter IV deals with sensitive materials and includes a 
mention of, but does not go into, the theory of reciprocity 
failure which is so important to short duration photo- 
graphic studies. Deviating somewhat from the repetition- 
rate classification established in Chaps. I and II, Chap. IV 
deals with single exposure techniques, and Chap. V covers 
a survey of film-drum cameras. The next chapter is 
devoted to spark and Schlieren photography. 

Chapters VIII through XI complete Part II, “The 
Application of the Techniques.”’ This section of the book 
covers very interesting applications of high speed photog- 
raphy in zoology, biology and medicine, physical and 
engineering research, and military applications. 

This reviewer takes exception to many of the statements 
which appear in Chap. XII, ‘‘Conclusion.”’ One in particu- 
lar, ‘‘Now, in 0.01 microseconds, light travels only 3m, 
and since no physical objects move at any speed near this 
value there seems little point in proceeding to exposures 
below this limit,’’ does not take into consideration studies 


of the mechanisms of exploding wires, the initial discharge 
in submicrosecond sparks, the initial luminous discharge of 
fractional microsecond x-ray flashes, and the nature of the 
propagation of light. 

The preparation of this monograph was a sizable under- 
taking. On the whole, the selection of material and the 
concise presentation are admirable. This book is recom- 
mended to those workers embarking in the field of study 
of rapid events by photography. It is felt that the brevity 
of this book is a virtue, and that the Bibliography will be 
invaluable for expanded investigation by serious workers. 

M. SULTANOFF 
Ballistic Research Laboratories 
Aberdeen Proving Ground 


Integral Transforms in Mathematical Physics. C. J. 
TRANTER. Pp. 118+ix, 11X17 cm. John Wiley and 
Sons, Inc., New York, 1951. Price $1.50. 


In the teaching of the problems based on the partial or 
ordinary differential equation of physics, overemphasis has 
usually been placed on the differential equation. Students 
often are perplexed to find their instructor consistently 
assuming the correct solution. 

Meanwhile the equivalent methods of the integral equa- 
tion have developed to a point where nearly all the research 
literature discusses boundary and initial value problems in 
terms of them. Not only are these methods more elegant 
and more concise—the formulation itself already combines 
all relations and the boundary or initial conditions in a 
single mathematical statement; but also all truly ‘‘new” 
methods, Green’s function theory, variational, and Wiener- 
Hopf techniques, are based on this manner of approach. 
Yet a good elementary text on the subject is still sadly 
lacking. 

The little book reviewed here will serve as an excellent 
introduction to the subject of inverting integral equations, 
i.e., of solving differential equations by use of transforms, 
as well as offering practice in the use of the theory of 
functions of a complex variable (contour integration). The 
presentation is formalistic and attention to details and 
rigor is graciously omitted. This has the disadvantage of 
implying obviousness in statements far from clear, such as 
in the proof of the Fourier integral theorem or the as- 
sumption that the function f(x) must be even (or odd) 
before one may apply the Fourier sine (or cosine) trans- 
form and the consequent first example, f(x) =e-*, used in 
both these transforms, without putting restrictions on the 
value of x. But such small points do much to whet the 
student’s appetite to think or to consult the standard 
treatises. 

The complex, sine and cosine Fourier, the Laplace (so 
commonly used even among the engineers), Hankel, and 
Mellin transforms, over the infinite range in the variables, 
are discussed in detail after an introductory chapter. The 
book is replete with physical problems solved as examples 
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of the technique, and at times the same problem is solved 
by use of more than one transform. Each chapter is followed 
by a set of exercises. Attention is also given to finite trans- 
forms and application of the technique to numerical 
methods of integration (relaxation methods). This book is 
not a mathematical treatise, but an excellent drill book in 
a valuable technique. 

ALFRED LEITNER 

Michigan State College 


200 Miles Up—The Conquest of the Upper Air. J. GorDON 
VAETH. Pp. 207, Figs. 62. The Ronald Press Company, 
New York, 1951. Price $4.50. 


This book, accurate, factual, authoritative, written in an 
interesting and popular style, summarizes recent researches 
on the upper atmosphere beyond the range of piloted flight. 
It touches on many subjects, but it is concerned principally 
with the V-2, Aerobee, and Viking rockets which are the 
vehicles that carry instrumentation on 7-minute trips 
about 100 miles into the upper atmosphere. 

The surface of the earth lies at the bottom of an ocean 
of air, the nature of which is discussed in the opening 
chapters. The troposphere, extending to an altitude of 
seven miles and containing three-quarters of the mass of 
the atmosphere and most of the weather, is left behind in 
a page or two as the book quickly carries the reader 
past the tropopause into the (unstratified)stratosphere, 
and up above an altitude of 60 miles into the ionosphere. 
The temperature and pressure characteristics of the upper 
air are discussed together with its composition and some 
of the phenomena that occur there. 

Meteorological instrumentation, cloud chambers, Geiger 
counters, spectrographs, magnetometers, cameras, atmos- 
pheric samplers, and biological specimens (subjected to 
primary cosmic rays) all are described. 

Considerable attention is given to Project Skyhook, the 
development of a polyethylene balloon 72 feet in diameter 
by 102 feet in height which carries a pay-load of 300 
pounds to an altitude of 100,000 feet. At such heights 
winds of one or two hundred miles per hour are not un- 
common, and it is easy to see why airplane pilots flying at 
20,000 feet have been unable to catch the round, saucer- 
like objects. The author avoids the flying-saucer contro- 
versy, but does relate the story of the famous episode at 
the White Sands Proving Ground in April, 1949. A group 
of half a dozen trained observers were tracking a weather 
balloon when another object ellipsoidal in shape, having 
a length of about 0.02° came into view for 60 seconds, 
during which time it traveled as fast as five degrees per 
second against the wind which was measured at all altitudes 
up to 93,000 feet. The object was clearly visible to all 
members of the group including the author. This reviewer 
defies anyone to stop reading this exciting story halfway 
through. 

Some 5000 units of the German A-4, 46-foot, 14-ton, 
3000-mile/hour rocket, popularly known as the V-2, were 
manufactured, of which about 100 were captured at the 
end of the war and brought to this country. The V-2 
itself is described in detail, as well as the methods of launch- 
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ing it and techniques for finding it after it has been blown 
into two parts on the way down, to destroy its aerodynamic 
efficiency so as to reduce its speed. In postwar firings, with 
the one-ton war-head replaced by scientific equipment, the 
maximum altitude achieved by the V-2 was 114 miles. 
Perhaps the most spectacular rocket firing was the two- 
stage V-2/WAC Corporal which reached an altitude of 
250 miles in 1949. 

The smaller single-stage American designed Aerobee 
receives considerable attention, but some information on 
the Viking remains classified, because certain features of 
this research rocket have application to service missiles. 
Problems of guidance, and stabilization for yaw, pitch, 
and roll are referred to but not discussed. The Viking, 
48 feet long, weighing 5.5 tons when loaded with its 
4 tons of liquid oxygen and alcohol, had reached an alti- 
tude of 107 miles when the book was written, but now 
holds the record of 135 miles for a single-stage rocket, and 
shows promise of eventually going to an altitude of about 
200 miles, well into the F-2 region of the ionosphere. 

The author, an aeronautical engineer with the U. S. 
Navy Special Device Center of the Office of Naval Re- 
search, has written a very readable book, and has included 
about four-dozen excellent photographs and several dia- 
grams. On two or three minor points in this essentially 
popular book, the scientific explanation is barely adequate 
though not wrong, but these few matters are evident to 
the professional engineer and unimportant to the layman. 
Anyone concerned in upper air research, or interested in 
discussing with students a fascinating field of research, will 
be glad to have at hand a book packed with so much factual 
material. 

This reviewer has long felt that science can be made 
intelligible and interesting to the nonspecialist. The book 
does its job very well. 

SEVILLE CHAPMAN 
Cornell Aeronautical Laboratory, Inc. 
Buffalo 21, New York 


The Aurorae. L. HARANG. Pp. 166+-x, Figs. 152, 15.525 
cm. John Wiley and Sons, Inc., New York, 1951. 
Price $4.50. 


All those who are interested in problems of the upper 
atmosphere will welcome this very useful addition to the 
literature on the subject. The author has had long experi- 
ence with research on the aurora and related problems, 
and has been closely associated with Stormer and Vegard, 
who have contributed so much to our knowledge of the 
auroral phenomenon. 

This reader found the sections on the position in space of 
the aurora particularly useful. An enormous effort has been 
expended on this problem and the results are essential for 
any study of the fundamental cause of the aurora. The 
statistics regarding the position of the aurora are admirably 
summarized by the author. Many readers will find Chapter 
7 instructive and interesting. The close agreement between 
the observed luminosity curve of the aurora, and the 
curve expected from a simple theoretical treatment of the 
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penetration of the atmosphere by charged particles is 
convincing, in spite of our difficulties in stating the energy 
and nature of the particles. 

The reviewer felt that the Stormer corpuscular theory 
was (understandably) given too much prominence, while 
the monumental investigations of Chapman and Ferraro 
have been sadly neglected. Although Stormer’s work is of 
lasting importance in the study of the motion of single high- 
speed particles in the earth’s magnetic field, his analysis 
has weaknesses as far as the aurora is concerned. The 
Chapman theory shows how a stream of particles may pass 
between the sun and earth, gives a convincing explanation 
of the main phases of a magnetic storm, and provides a 
mechanism for the acceleration of particles in the vicinity 
of the earth. 

Unfortunately the chapters on auroral and night sky 
spectra are weakened by the omission of recent develop- 
ments in the study of the infrared regions of these spectra. 
The infrared spectra studied by Vegard were secured with 
low dispersion prism instruments, and his identifications of 
spectral features in this region are seriously in error. The 
discovery of very numerous OH bands in the infrared and 
visible regions of the night sky spectrum means that this 
phenomenon must be re-examined. More might have been 
said regarding the relationship between the various tem- 
perature calculations and the physical conditions in an 
auroral display. The argument on page 82 regarding the 
relative intensities of the red and green oxygen lines is 
fallacious, since it does not include the effects of collisions 
of the second kind. The discussion on page 141 regarding 
the velocities of the primary particles and the widths of 
auroral rays is doubtful. The primary particles, whether 
electrons or positive ions, will create many low energy 
secondaries which will contribute appreciably to the pro- 
duction of the luminosity, and one cannot distinguish 
between the effects of the primaries and secondaries. 

This book will be a much used reference for those work- 
ing in the field of atmospheric physics. 

W. PETRIE 
University of Saskatchewan 


A History of the Theories of Aether and Electricity, The 
Classical Theory. Revised Edition. Sir EpmMuND 
WHITTAKER, F.R.S. Pp. 434+xiv, 1624.5 cm. 
Thomas Nelson and Sons, Ltd., London and New 
York, 1951. Price 32 s 6 d. 


“It is not often that an historian exhibits an. ..insight 
into his subject (equal) to that which Dr. Whittaker shows 
in this remarkable work. In reading it one is over and 
over again struck with wonder at how he has found time 
in the midst of his other duties to collate the vast amount 
of material which the book contains. But it is not a mere 
collection. Each stage in discovery is subjected to a clear 
criticism which places it accurately in relation to preceding 
and subsequent discoveries. The whole must have in- 
volved a most painstaking examination of even out-of- 
the-way and little known theories over which ‘the iniquity 
of oblivion has scattered everywhere her poppy.’ The 
result is a volume which will be of immense value to the 
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physicist in giving him a clear conception of the nature 
of the gradual advance that has taken place from the time 
of Descartes onwards.”’ So wrote a discriminating, but 
unnamed, reviewer of the original edition of this book in 
the Philosophical Magazine forty years ago. Today Sir 
Edmund at the age of 78 issues a new and carefully revised 
edition of his famous early work with the announcement 
that, having retired from his professorship, he proposes 
to write a second volume which shall describe ‘‘the origins 
of relativity and quantum theory, and their development 
since 1900.” The present reviewer, as he turns the pages of 
this admirable new edition, is constrained to fresh wonder 
and admiration. May its author be given length of days to 
accomplish his formidable project! 

This book is in a class by itself. It is a high level account 
of the steps by which the classical theory of the electro- 
magnetic properties of matter and space took shape. It is 
well documented and extraordinarily comprehensive. The 
author’s mastery of mathematics, physics, and the English 
language is used to give a compact, but lucid and critical 
treatment of each of the theories discussed. Here are the 
equations—enough of them to make it easy to follow the 
mathematical argument. Here also is the experimental and 
conceptual background in which the equations had their 
origin. 

The original work has not been completely rewritten, 
but it has been subjected to painstaking revision. Scattered 
through the volume are added references and paragraphs 
that testify to a careful re-examination of the entire text. 
The introductory chapter has been expanded to include 
some account of the metaphysical considerations that 
bulked large in the scientific thinking of the 17th century. 
Here we now find mention of the objecticn of Leibniz to 
the occult quality of the Newtonian law of gravitation; 
and in this same connection an illuminating discussion of 
the place of interphenomena in theoretical physics. 

Other major changes are related to the author’s plan 
for a second volume on quantum theory and relativity 
theory. With this in mind he has removed the section on 
radioactivity from the last chapter and has inserted a new 
chapter on heat radiation. Added material in the seventh 
chapter links the story of the development of the first and 
second laws of thermodynamics to the treatment of energy 
relations in a voltaic cell. With these additions the scope 
of the work includes pretty much all of classical theoretical 
physics with the exception of mechanics and acoustics. In 
effect we have now a physicist’s history of classical theo- 
retical physics. 

But the question arises, ‘‘What use can physics teachers 
make of this excellent historical work?’’ Some will no doubt 
feel that they can not use it very much. Despite the recent 
emphasis on the history of science in certain general 
education courses, the tendency in the teaching of advanced 
physics is all the other way. There is so much to be learned 
and the pressure is upon us to hurry the youthful scientist 
through the essential minimum of classical theory as 
rapidly as possible. The young man must be air-borne to 
the battle front and parachuted down on the firing line. 
So we frequently foreshorten the educational process by 
presenting theoretical material on the basis of a priori 















postulates that eliminate all consideration of the messy 
process of induction. 

The pressure is real, but we pay a price for our haste. 
Students are easily confused when they attempt to absorb 
abstractions too rapidly. The history of science has much 
intrinsic interest and brings with it an enhanced aesthetic 
satisfaction to the student as he delves deeper into his 
subject. To eliminate the history is to rob scientific thinking 
of an important dimension. Nor should we forget the part 
that scientific history plays in fostering a sense of the com- 
munity of scientific workers through the generations. In a 
day when intellectual freedom and intellectual integrity 
are threatened by national hysteria, we can afford to 
give thought to the forces that give us a sense of com- 
munity and solidarity. 

Epwin C. KEMBLE 
Harvard University 


Linear Computations. Paut S. Dwyer. Pp. 344+xi, 
Table 68, 1523.5 cm, John Wiley and Sons, Inc., New 
York; 1951. Price $6.50. 


The title of this book aptly describes its contents. It 
deals with the numerical solution of systems of simul- 
taneous linear equations. In it is provided an extensive and 
detailed discussion of the methods of obtaining such 
solutions. This is done with the point of view of demon- 
strating methods adaptable for use with a desk-type 
calculator. 

In order to demonstrate the theory, and to give the 
reader practice in carrying out the ideas, the book is well 
supplied with numerical examples. These examples are 
arranged in an orderly way providing the reader with a 
method of solution and a concise way in which to lay out 
his material so as to make the computation easier. At the 
end of each chapter there is an extensive bibliography, and 
a series of exercises. Answers are not given. 

This book should be of great value to someone who is 
engaged in work which involves the solution of simul- 
taneous linear equations. The sections involving the cal- 
culation of errors which may arise from the use of approxi- 
mate coefficients are very interesting and valuable. The 
bibliographies are useful in indicating where further infor- 
mation might be found. 

The first three chapters contain a general discussion of 
the principles involved in computations. Chapter 1 deals 
with machines and machine methods, including methods 
for the extraction of roots. Approximate numbers are 
covered, in a complete way, in Chapter 2. Many theorems 
concerning relative errors are given. The recommendations 
for computation with approximate numbers are of particu- 
lar interest and use. Chapter 3 covers the principles of 
computational design. The author introduces the concept 
of operational units designed to keep errors to a minimum. 

The greater part of the remainder of the text is devoted 
to the problem of solving simultaneous linear equations to 
obtain numerical answers. The pivotal method of solution is 
introduced. This method provides a concise and straight- 
forward tabulation of the calculations together with checks. 
Many other methods of solution are given which will not 
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be enumerated here. The solution with approximate 
methods is discussed in Chapter 6. Other chapters deal 
with the relationships between coefficients, the solution of 
related and associated equations, etc. 

The theory of determinants is introduced in Chapter 9. 
Chapter 10 deals with the applications of previously deter- 
mined methods to the evaluation of real and complex 
determinants and the evaluation of determinantal ratios. 
A discussion of the value of determinants with approximate 
numbers as coefficients appears in Sec. 10.12. 

Following Chapter 11, which deals with the evaluation 
of linear forms, there are five chapters dealing with ele- 
mentary matrix theory as applied to the solution of simul- 
taneous linear equations. Methods are given for finding 
the inverse of a matrix, as a system of linear equations, by 
the method of determinants, and from the characteristic 
equation using methods by Bingham and Frame. Methods 
for finding the characteristic vectors are also given. 

An interesting and important part of the subject is 
covered in Chapter 17, namely, the errors involved in 
linear computations when the coefficients are subject to 
error. In Sec. 17.6 the author discusses the maximum 
values of errors of determinants, and in Sec. 17.7 on, 
carries out the solution of linear equations, with coefficients 
subject to error. A discussion of error control is found in 
Sec. 17.11. 

Chapter 18 deals with applications to statistics, while 
Chapter 19 contains some applications to nonlinear 
problems. 

j.. H.. Baez 
Michigan State College 


An Introduction to Acoustics. RopertT H. RANDALL. Pp. 
340+xii. Illustrated. Addison-Wesley 
Cambridge, Mass. 1951. Price $6.00. 


Press, Inc., 

In his preface, Professor Randall states, “There is 
practically no book available (in acoustics) at the inter- 
mediate level except for the British imports, and it is hoped 
that the present book will help to fill the gap. A year of 
college physics and a year of calculus constitute a minimum 
preparation for the subject as presented here.’’ The author 
has succeeded admirably in keeping this book at the inter- 
mediate level. He does not hesitate to use mathematics 
(including partial differential equations), so that, the pres- 
entation is on a higher level than that of a text like Colby’s. 
However, he introduces so much purely descriptive material 
and leaves out those complicated mathematical proofs, 
which would add little to an undergraduate’s understand- 
ing, that the presentation is less difficult than Morse’s 
excellent book Vibration and Sound. 

Some very admirable features of the book are as follows: 
terms and symbols are carefully and thoroughly defined in 
all instances and there is no loose use of terms. For example, 
a careful distinction is made between the words ‘dis- 
turbance”’ and “wave,” and then they are not used inter- 
changeably. Wherever possible, analogies are drawn from 
the fields of optics and especially electricity. For example, 
in the fourth chapter, the Cornu spiral is briefly discussed 
and then is applied to the diffraction of sound past a 
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straight edge with the attendant applications to changes 
in the quality of music for a listener seated within the 
‘“‘shadow.”’ The analogies to electrical cases are almost too 
numerous to mention, but the comparison of electrical 
filter circuits and the corresponding acoustical filters, or 
the steady state solution of forced vibrations in both the 
electrical and acoustical cases, or the analogy of bowing a 
violin and the sweep circuit of an oscilloscope should be 
specifically mentioned. The vocal chords are compared to 
a relaxation oscillator; the speech process involves both 
amplitude- and frequency-modulation of a carrier wave; 
the middle ear’s mechanical structure is analogous to the 
linkage system employed in the pick-up head of an old-style 
“acoustical” phonograph; and horns are examples of 
acoustical impedance matching devices. 

There is a very broad coverage of subject material, 
ranging from fundamental particle vibration theory in the 
first chapter, through wave motion, interference and dif- 
fraction, musical instruments, and speech and hearing, to 
sound reproduction, room acoustics, and miscellaneous 
applied acoustics, including uses of ultrasonics. At the end 
of each chapter there is a list of appropriate problems. 

The author is very careful to discuss and illustrate the 
validity of equations and approximations and in descriptive 
examples applies the theory to actual problems and condi- 
tions. Wherever the mathematics would become too in- 
volved, an outline of the procedure is given, together with 
the results, so that the line of reasoning can be followed. 
The section on vibrating sources is primarily descriptive 
in nature. 

In spite of the author’s statement in the preface about 
the minimum preparation for the subject, I would recom- 
mend that a student not take a course based on this text- 
book until his senior year. By that time, he should have 
some facility in handling mathematics and should have 
acquired sufficient background in the fields of mechanics, 
optics, and electricity to be able to appreciate how beauti- 
fully Professor Randall has succeeded in tying these fields 
of physics in with acoustics. In other words, while this 
textbook could be used as suggested by the author, much 
of the unity of physics as illustrated here would be lost 
on the student. 

Howarp N. MAXWELL 
Ohio Wesleyan University 


Phase Transformations in Solids. Edited by R. SMoLu- 
CHOWSKI, J. E. MAYER AND W. A. WEYL. Pp. 660+ x, 
Figs. 260, 14.522 cm. John Wiley and Sons, Inc., 
New York, 1951. Price $9.50. 


On August 23-26, 1948, a Symposium on Phase Trans- 
formations in Solids was held at Cornell University. 
Seventeen papers were contributed by 18 authors; and 
these form the present book, along with thirty-seven pages 
of discussion. The papers divide into three groups: (1) six 
on theoretical physics, (2) six on nonmetals, and (3) five on 
metals. 

In the first group, Tisza develops a thermodynamic 
theory of phase transitions on the basis of Gibb’s funda- 
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mental equation expressing internal energy as a function 
of the extensive parameters 


U= U(X, Xer°', A 3). 


The quadratic form occurring in the expansion of this 
function, according to Tisza, is responsible for the proper- 
ties of stability of the system, and he uses this theory for a 
classification of phase transitions. Some question as to 
its strict validity is raised in the discussion. Meyer also 
uses the Gibbsian grand canonical ensemble with the 
thermodynamically significant partition functions con- 
sisting of a sum of integrals referring in turn to imperfect 
crystal members. The approach becomes particularly in- 
teresting in its application to the melting transition. 
Kirkwood takes a similar statistical mechanical approach 
in a brief treatment on crystallization. Seitz, in discussing 
diffusion in solids, applies rate theory in addition to the 
statistical mechanical theories. Smoluchowski gives a com- 
petent treatment of nucleation theory in recrystallization, 
largely following Volmer, Becker, Turnbull, and his own 
previous publications; and this subseries is then closed by 
Buerger who proposes a crystallographic viewpoint instead 
of the common thermodynamic one for phase transfor- 
mations. His manuscript contains a number of thought- 
provoking suggestions on terminology, and some argument 
is precipitated by his advising an excision of “allotropy” 
as a tautologism of ‘‘polymorphism.”’ 

In the group of six papers on nonmetals, Kracek and 
Schairer, respectively, give the geophysical viewpoint in 
discussions of transformations in monocomponent and 
polycomponent silicate systems, while Weyl speaks on 
transitions in glass. Huggins of Eastman Kodak describes 
transitions in silver halides, made particularly interesting 
because of the uniqueness of this field; and Rice gives a 
very good discussion of the solid-liquid transition in argon. 
Matthias closes this subgroup with a brief article on ferro- 
electrics, a field changing so rapidly that the author had 
to revise his paper between presentation and publication. 

In the third set of papers, Barrett opens a metallurgical 
discussion on transformations in pure metals, considering 
both those of instantaneous formation (martensitic) and 
those of progressive growth. Siegel writes on the order-dis- 
order transition; Mehl and Dubé give a careful description 
of the eutectoid reaction in steel ; Geisler writes exhaustively 
on precipitation from solid solutions of metals; and Cohen 
closes the set with an extremely competent coverage of the 
martensite transformation in steel. 

Besides these terse comments, which can in no way do 
justice to any one of the authors, this book creates two 
impressions that belong to its description. First, it neces- 
sarily suffers the disadvantage of all such ‘‘edited’’ books. 
The perspective of the presentation is not that of one or a 
few presiding minds which the book authorship indicates, 
but rather the compartmented perspectives of some 
eighteen others whose names do not appear until the 
book is purchased and the covers are opened. This, how- 
ever, is a general criticism directed to a current fashion in 
book publishing, and not to the present editors. They 
have done as good a job as is likely to be found today; 
but the work can never escape resembling a collection of 




















seventeen bound reprints, many of which always lie 
outside the interest of any given reader. 

Second, judged as such a collection of papers, the article 
by Geisler is by far the standout. It includes ninety-two 
figures and 830 references in a doubly classified bibliog- 
raphy, covering in all 157 pages with discussion. It is of 
classical proportions. Tisza and Meyer, also Seitz, have 
something for the mathematical mind to ponder; and Rice’s 
probing of the solid-liquid equilibrium in argon should be 
carefully followed. The book’s typography and format are 
excellent. It is a good addition to a technical library in any 
one of the several fields touched by its contents. 

CarL A. ZAPFFE 
Baltimore, Maryland 


Vacuum. A Review of Developments in Vacuum Research 
and Engineering. Published quarterly by W. Edwards 
& Co. (London) Ltd., England. Edited by H. L. J. 
BurGess. Annual subscription £ 1 5s., all other 
countries £ 1 10s. (U. S. $4.20). 


Vacuum is the title of a new British quarterly journal 
devoted to the field of high vacuum research and tech- 
nology and to the reporting of developments in both science 
and industry arising from advances in this field. According 
to a statement by the publishers, Vacuum is designed to 
fill a need in the scientific literature by reporting only on 
vacuum matters. It is addressed to the scientist and 
industrialist using vacuum procedures and further to 
specialists in all fields of science and industry to whom a 
knowledge of progress in vacuum matters is necessary or 
of value to their work. 

The two issues that have thus far appeared contain a 
number of valuable articles and establish a high standard 
for contributors. In addition to original contributed 
articles, the journal follows the fairly standard practice of 
publishing ‘Letters to the Editor’’ and book reviews. 

An unusual feature that impresses the reviewer as 
having great value is the large section of each issue devoted 
to classified abstracts of articles pertaining to vacuum 
research, apparatus, and instruments published in scientific 
journals. These abstracts are supplemented by extensive 
subject and author indexes. All of this material is printed 
on one side of the page only and is detachable for separate 
filing. 
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There is at present no English language journal ade- 
quately reporting progress in the increasingly important 
field of vacuum science and technology. Vacuum promises 
to satisfy a need that is long standing and fill an important 
gap in the scientific literature. 

R. K. WAKERLING 
University of California 





New Members of the Association 


The following persons have been made members or 
Junior members (J) of the American Association of Physics 
Teachers since the publication of the preceding list [Am. 
J. Phys. 20, 120 (1952) ]. 


Adams, Sam, 3611 Ernest St., Lake Charles, La. 

Berg, Selwyn S. (J), 8642 La Mesa Blvd., La Mesa, Calif. 

Burke, Bernard A., Jr. (J), 1309 S. Thomas St., Arlington, 
Va. 

Creeger, Elva S. (J), 79 High St., Middletown, Conn. 

Cronin, John Eugene (J), Gibbons Hall, Catholic Univer- 
sity, Washington, D. C. 

Diana, Leonard M., 5816 Callowhill St., Pittsburgh 6, Pa. 

Extermann, Richard Charles, Institute of Physics, Uni- 
versity of Geneva, Switzerland 

Frank, Nathaniel H., 77 Massachusetts Ave., Cambridge 
39, Mass. 

Haigh, Paul Joseph (J), 208 Physics Laboratory, Univer- 
sity of Illinois, Urbana, III. 

Kelly, Harry C., 4415 N. 15th St., Arlington, Va. 

Land, Richard I. (J), 59 W. Brookside Dr., Larchmont, 
hy. -Y. 

Levine, Emanuel, Rider College, Trenton 9, N. J. 
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RECENT MEETINGS 





Michigan Teachers of College Physics 


The Michigan Teachers of College Physics held their 
fall meeting at Ann Arbor on November 10, 1951 as guests 
of the Department of Physics at the University of Michi- 
gan. Forty-nine representatives were present from eighteen 
Michigan colleges, in addition to the University staff, 





Professor D. M. Dennison presented an invited paper 
entitled “The Origin of the Earth’s Magnetic Field,” 
which proved to be of unusual interest since the earth’s 
field plays a role in science courses from the most elemen- 
tary to the most advanced. A considerable amount of new 
information has now become available, and the picture is 
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very different from that commonly implied in superficial 
discussion. 

Two other papers were given by Dr. J. R. Frederick 
and by Professor O. Laporte, the former on ‘‘Problems of 
Sound Transmission in the Ocean,’’ and the latter on 
“Demonstration of Shock Waves with the Shock Tube 
and the Water Table.’’ A discussion led by Professor 
G. P. Brewington of Lawrence Institute of Technology 
was concerned with the content of engineering physics 
courses. Several others presented demonstrations of appa- 
ratus and of lecture table experiments. 

E. F. BARKER 
University of Michigan 


Kentucky Section 


The annual fall meeting of the Kentucky Section of the 
American Association of Physics Teachers was held on 
November 10, 1951, in the physics auditorium, Western 
Kentucky State College, Bowling Green, Kentucky. The 
meeting, which was attended by 30 members and guests, 
was presided over by Earland Ritchie, Centre College, 
president of the section. Following the meeting the group 
had luncheon in the Helm Hotel. 


The program consisted of eight contributed papers as 
follows: 


The gyroscope. HuGH D. BatLey, Western Kentucky 
State College —The equations of motion of a gyroscope 
subject to no torques were developed following the form 
of standard derivations. 


Student measurements of alpha-particle range. RALPH 
A. LorinG, University of Louisville-——Four types of alpha- 
particle range apparatus suitable for use in the modern 
physics laboratory are discussed. These are (1) the scintilla- 
tion type, using a movable alpha source and stationary 
eyepiece as described! by Hoag and Korff; (2) the variable 
volume ionization chamber method;? (3) the scintillation 
screen with photomultiplier tube; and (4) the shallow 
ionization chamber, movable alpha source and electronic 
electrometer. The first two are available from the appa- 
ratus companies. The third is being constructed by the 
author. The fourth was demonstrated. The ionization 
chamber has been built around a coffee can, one side being 
open and covered with a copper screen. The collecting 
plate is located 8 mm back from the screen and is insulated 
with polystyrene. A polonium plate about 15 mm in 
diameter is located in a movable probe. The alpha beam is 
collimated. Graphs taken by students were shown. 

Determination of the half-life of radioactive substances. 
RoBERT E. WEAVER, University of Louisville-—Experi- 
ments were attempted to determine the degree of accuracy 
to be expected in projected student experiments on radio- 
active determinations. The experiments were carried out 


1 Hoag and Korff, Electron and Nuclear Physics (D. Van Nostrand 
Company, Inc., New York, 1948), third edition, p. 297. 
2 Reference 1, p. 275. 
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over a period of a month, using radon, polonium, and 
thoron as radioactive sources. 

A two-millicurie gold-encased sample of radon was 
used. A Geiger tube in connection with a ‘64’ scaler was 
used to determine the daily activity of the sample. The 
activity was determined in terms of counts per minute 
with due regard to background count. Upon graphing the 
collected data, a value very close to that accepted (3.825 
days) was obtained for the half-life. 

The ionization activity of a sample of polonium was 
determined with a ‘‘Lind” electroscope. Upon graphing the 
collected data, the curve was indicative of the value but 
was not sufficient to give correct results. 

Thorium nitrate was treated with sodium hydroxide and 
the precipitated thorium hydroxide was tested for emana- 
tion of thoron by using an emanation ionization chamber 
as outlined by Bainbridge and Street. Though the thorium 
nitrate was very active, no activity was detected in the 
precipitate. We assume the active ingredient was dis- 
carded in the filtrate. 


The activity of natural radiocarbon. D. L. LaFrerty, 
R. S. CASWELL, L. W. Cocuran, University of Kentucky.- 
The accuracy of the determination of the age of an archaeo- 
logical specimen by measurement of its C™ activity depends 
upon the accuracy of two constants—the half-life of C™ 
and the initial activity of the specimen. The purpose of 
this research was the determination of the initial activity 
of living carbon. 

The measurement technique involved utilization of a 
2-inch screenwall counter with a solid sample consisting of 
elemental carbon. Shielding from cosmic radiation was ac- 
complished by using several inches of iron and lead and a 
layer of anticoincidence counters. 

The following results were obtained: (1) a background 
count of 6.12+0.18 counts per minute; (2) a total counting 
rate of 11.66+0.25 counts per minute; (3) an activity due 
to the presence of C™ of 5.54+0.30 counts per minute. 


Applications of complex numbers to ac circuit theory. 
BitLy R. ALLEN, Western Kentucky State College.—A brief 
review of the theory of complex numbers was presented. 
This was followed by illustrations of their application in 
the solution of standard ac circuits. 


The advantages of single-sideband suppressed-carrier 
transmission. FRED LEwis, Western Kentucky State College. 
—Transmitting only one sideband, the receiver bandwidth 
has to be only half as great, for the same fidelity, as it does 
for double-sideband reception. This gives immediate 3-db 
improvement in signal-to-noise, since reducing the band- 
width by a factor of 2 decreases the noise by the same 
amount. The power required at the transmitter end for 
equivalent double- and single-sideband signals at the 
receiver is considerably less in the case of S.S.S.C. trans- 
mission. 

There is no carrier power to be supplied, and all of the 
power goes into the one signal-general sideband. For 
example, a one-kilowatt amplitude-modulated transmitter 
using double sidebands plus a 500-watt modulator can be 
obtained at the receiver, in the S.S.S.C. system by furnish- 
ing power to the final amplifier equal to what would be 
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drawn by a class B_ modulator capable of delivering 
250 w of audio. With no voice power on-output signal, 
good duplex operation can be carried on. Since only one- 
half of the sideband is transmitted, only half of the spec- 
trum is used. There is an effective gain of at least 9-db 
over amplitude modulation. 

Which is the better method of generating a single side- 
band signal, the filter or the phasing method, is a con- 
troversial question. Properly adjusted, either system is 
capable of good results. 


Fighting the formula. Car. E. Apams, University of 
Louisville——One problem in teaching general physics is 
disabusing the student of the idea that ‘‘physics is nothing 
but formulas.’ This common attitude is all the harder to 
eradicate because most standard textbooks confront the 
student with numerous equations suitable only for solving 
certain special problems. Examples include the formulas 
for range of a projectile; for apparent frequency in problems 
involving the Doppler effect; for average emf induced in 
a rotating loop; and many others. A plea is made for a 
textbook in which there are no mathematical equations 
except for those expressive of (a) definitions (b) basic 
principles. 


Reply to an engineer. D. M. BENNETT, University of 
Louisville.—Professor Bailey, Head of Mechanical Engi- 
neering at Rensselaer Polytechnic Institute, advocates the 
transfer of all elementary physics teaching from the physics 
department to the engineering departments. He maintains 
that the present physics courses do not adequately prepare 
the student for the subsequent engineering courses and 
that the time spent is therefore wasted. He advocates that 
all physics be taught in the upper years and be confined to 
modern developments. 

This seems to be a very dangerous proposal. From the 
standpoint of the engineer himself this would result in 
inferior preparation. The physicist is constantly striving 
for two results in his teaching—a unification of all the 
various fields of physics and a broad general basic under- 
standing of the natural laws, as distinct from specific 
applications. The policy suggested by Professor Bailey 
would result in a further departmentalization of informa- 
tion on the part of the student and would also strengthen 
the idea that a field has no interest unless it has direct 
commercial application. Add to this the undoubted em- 
phasis which engineers place on formulas and we find that 
the proposal actually represents a regression in scientific 
thinking rather than the liberalization needed in present 
day education. 

It should also be pointed out that it would be practically 
impossible to teach any advanced or modern physics 
courses with a background in the type of thinking which 
such basic training would provide. 

RICHARD HANAU, Secretary 


Appalachian Section 


The first annual meeting of the Appalachian Section of 
the American Association of Physics Teachers was held at 
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Alderson-Broaddus College, Philippi, West Virginia on 
Saturday, November 24, 1951. The morning session was 
devoted to business, during which the following officers 
were elected: President, F. A. CLEMENT, West Virginia 
State College; Vice-president, D. C. Martin, Marshall 
College; Secretary-Treasurer, W. H. SELLERS, Alderson- 
Broaddus College; Representative to the Executive Com- 
mittee of AAPT, C. M. Loyp, West Virginia Institute of 
Technology. 

The first hour of the afternoon session was devoted to 
a discussion of topics for future meetings. It was followed 
by the program, consisting of an invited paper: 

The hydrogen bomb. O. REx Forp, West Virginia Uni- 


versity. 
WiLuiaM H. SELLERS, Secretary-Treasurer 


Southern California Section 


The annual fall meeting of the Southern California 
Section of the American Association of Physics Teachers 
was held at the University of Southern California on 
Saturday, October 20, 1951. Approximately ninety mem- 
bers and friends attended the sessions. The morning 
program consisted of an invited paper, 


Oil exploration geophysics. N. A. RILey, Supervisor of Explora- 
tion Research, California Research Corporation, 


and the following ten-minute contributed papers. 


Starting a physics class for superior students. GARFORD GORDON 
Susan Dorsey High School, Los Angeles. 

Education?—or merely training?!X. Effective organization in problem 
solving. GEORGE ForsTER, Pasadena City College.-—If we are trying not 
merely to train, but rather to educate those entrusted to our care and 
guidance, that is, to give them the fullest possible understanding, then 
it seems to me that we should make use of any and all possible means to 
accomplish that purpose. Included among these means I consider it 
important for teachers to stress: (1) precision of statement and expres- 
sion as well as of result; (2) co-ordinated and well-integrated organiza- 
tion of work; and (3) thorough understanding of and ability to use, not 
abstruse handbook formulas, but fundamental laws and principles ex- 
pressed in the virile and powerful symbol-language of mathematics. 

Many of my students have gained a better understanding of physics 
principles and a greater degree of mastery in using those principles by 
the following problem solving procedure: (1) Clearly indicate all facts of 
the problem by means of simple line diagrams and suitable symbols, 
including what is to be determined. (2) Clearly state in symbol form 
whatever physics fundamentals are needed. (3) Derive the equations 
with the aid of the physics fundamentals. (4) Modify ;the equations 
whenever necessary or desirable. (5) Bring independently determined 
equations into dependent relationships with the aid of common 
elements. (6) Draw vector diagrams whenever feasible. (7) Briefly 
but clearly state and accurately apply the mathematical principles 
needed to effect the final solution. (8) Include units of measurement 
and units-equivalents. (9) Use the denary system whenever feasible 
and compute all answers to three significant figures unless the nature 
of the problem requires more. (10) Segregate all answers and make 
them conspicuous. 


The Steadman system of light control. F. M. STrEADMAN, Los Angeles. 
—If Johannes Kepler had observed the light of his candle flame spread- 
ing to cover the page of a book and had also seen each letter of the 
printed page converged upon by light from the whole flame (and con- 
verging from four times as many directions at half the distance, and so 
creating four times the brightness), he would have discovered the two 
basic truths of area coverage and of brightness variations. Throughout 
nature each fine independent entity is illuminated by converging light, 
which fact should be taught to students in the place of spreading from 
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a point pattern, which, in the camera is meaningless. In the Steadman 
system the cone form f/64 is chosen as the unit of the hemispheric 
solid angle dimension and is termed simply lens stop 1, with the numbers 
2, 4, 8, 16, etc., expressing greater values. 


Physics as a source of metaphors. WALTER D. O'CONNELL, Uni- 
versity of Southern California.—We think in terms of familiar situations. 
By discussing physical situations similar in structure to those found in 
other areas, the physics teacher adds to the tools with which a student 
can approach a new life problem. As such structures are pointed out, 
the student is asked to find everyday-life situations that exhibit 
similar relationships. Examples are compared and additional ones 
provided. A sampling of suggestive phenomena follows: Increasing 
available force through ‘‘concentration"’ with respect to distance of 
action (lever), area of application (knife, needle, tearing), time of 
application (hammer). Distinctions of various kinds of concentration 
are then examined in other areas: psychological concentration, tactics, 
the relation of an organism to its environment. As another example, 
the fact that a sailboat can move diagonally into the wind is considered 
in more general terms. It seems generally true that new phenomena can 
be observed when the usually-observed effects are removed or canceled 
out, as in the appearance of diffraction, magnetic effects of a charge 
moving in a wire, etc. Also induction versus transfer phenomena in 
electricity and magnetism have many psychological parallels; as do 
voltage-limited versus current-limited situations. 


Science and shop cooperation in technical education. FRANK PETRY, 
West Los Angeles. 


A solenoidal beta-ray spectrometer for the undergraduate laboratory. 
BYRON T. WRIGHT, University of California at Los Angeles.—A spectrom- 
eter of simple design has been constructed for use in an undergradu- 
ate laboratory at the University of California, Los Angeles. The vacuum 
chamber consists of an 8-inch internal diameter brass cylinder 63 in. 
long. The magnetic field is provided by passing current through an air- 
cooled winding of 0.10 X0.38 in. copper ribbon wound on edge along 
almost the entire length of the above cylinder. Small correction coils 
are placed at the ends of the main winding. From the coil geometry 
the student can check that the field along the axis is uniform over the 
42-in. section which is used, to within } percent. Experiment has shown 
this also to be true along the electron trajectories. The baffle geometry 
consists of a set of angle-selecting slits placed about 10 in. from the 
source position. These slits select particles within the angular range 
12°-16°. The energy-selecting baffle consists simply of an opening 0.38 
in. in diameter in a plate 41.9 in. from the source. A helicoidal baffle 
acts to determine the sign of the particles being studied. By the use of 
the above simple geometry, it is possible for the better student to predict 
the absolute value of the momentum of the particle being measured, 
and the theoretical shape of a ‘“‘line’’ as a result of a monoenergetic point 
source, and thus to predict the resolving power of the instrument. With 
the geometry described the resolving power is 2 percent. The effective 
solid angle amounts to about } percent of a sphere. The measured 
resolution agrees very closely with the predicted value. One experiment 
performed at present consists of a measurement of the annihilation 


radiation from Na”. Thus the student measures the rest-mass of an 
electron. 
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The barber pole and other “illusions.” WALTER D. O'ConNgELL, 
University of Southern California.—A discussion of the mechanisms of 
certain common illusions can clarify the status of physical concepts in 
general. Illusion results from an inaccurate perception of a situation. 
Most illusions abstracted by the human sense (e.g., the stripe moving 
up the barber pole) can be reproduced physically (e.g., the worm gear 
drive or the nut and bolt combination). In practice, physical measuring 
instruments are chosen in conformance with “‘illusions’’ already well 
established with the experimenter. Objectivity implies agreement be- 
tween observers concerning the measuring instruments they use. The 
distinction between objectivity and subjectivity lies in the breadth of 
this agreement, not in the relation of ‘‘illusion"’ to ‘‘reality.’’ The rela- 
tion of wave-optics to ray-optics is considered in the light of the barber 
pole, and these results are then applied to such sequences as thermo- 
dynamics, kinetic theory, statistical mechanics; 
quantum physics; etc. 


classical, atomic, 


Current research at the University of Southern California in the field 
of gaseous electronics utilizing vacuum spectroscopic techniques. G. L. 
WEISSLER, University of Souihern California. 


The morning session was concluded with an invitation 
by Dr. G. L. Weissler to visit, directly after lunch, the 
research laboratories of the physics department of the 
University of Southern California where graduate students 
were on hand to explain the work in progress. 

For the afternoon program there were two invited papers. 


The Ph. D. in 1897: thesis, exams, and all the troubles as I remember 
them. W. P: Boynton (Ph.D., Clark University, 1897), Whittier, 
California.—The graduate school of the 1890's rested on a foundation 
of college work patterned after the old English universities, and its 
methods and aims were largely derived from the German universities, 
in which many American scholars had received their training. They 
took very seriously their requirements: a thesis which must be a genuine 
contribution to our knowledge, adequate preparation for advanced 
study as evidenced by previous academic records, notably the qualifying 
examination to verify adequate mastery (at least a reading knowledge) 
of the accepted languages of the scholarly world, and an oral examina- 
tion which technically was a defense of the thesis and was actually a 
searching review of the major and minor fields of study. Library 
facilities were virtually complete and up to date. Experimental equip- 
ment for research was provided partly from an instrument shop suffering 
acute malnutrition, and largely by the ingenuity, skill, and industry of 
the candidate. Most thesis problems got their inspiration from the 
physicist’s bible of the age, Maxwell. 


Some guided-missile problems. RALPH P. JOHNSON, Hughes Aircraft 
Company, Culver City, California. 


A business meeting of the Section followed by an execu- 
tive committee meeting concluded the activities of the day. 
Davip F. BENDER 
Secretary-Treasurer 


There seems to be a natural law that regulates the advance of Science. Where only observation 


can be made, the growth of knowledge creeps; but where laboratory experiments can be carried on, 
knowledge leaps forward.—F ARADAY. 





